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Abstract
FO Aquarii (FO Aqr) is a cataclysmic variable star, specifically an intermediate polar (IP)
consisting of a magnetic white dwarf that is accreting material from a main-sequence companion
star. As the accreting pole of the white dwarf rotates into our field of view, an optical pulse is
observed coming from the system. Using observations from the Kepler K2 mission, the spin and
orbital periods of the FO Aqr system can be accurately determined and used to formulate an
ephemeris for each of the variations. The spin ephemeris should then accurately predict the
arrival times of the spin variations. However, a simple ephemeris for the spin does not
accurately predict the pulses seen in the light curve of FO Aqr because of weaker periodicities in
the light curve. I model the K2 light curve as a spin pulse plus two beat frequencies where one
of the beat pulses is modulated over the orbit. This model does a good job matching the K2 light
curve and varying arrival times of the spin pulse. Some time between January and May 2016 FO
Aqr went into an unusual low state and the light curve is substantially different than during the
K2 observations.

Introduction
FO Aquarii (FO Aqr) is a cataclysmic variable star (CV), specifically an intermediate
polar (IP) consisting of a magnetic white dwarf that is accreting material from a main-sequence
companion star. When the accreting material comes into contact with the white dwarf at its
poles, accretion energy is released creating an intense light. When the poles are at an angle to
the spin, the intense beams of light create variations in the star’s light curve (Patterson 1994).
Intermediate polars are unique in the sense that their accreting material does not form an
accretion disk that extends to the white dwarf. The magnetic field of the white dwarf means that
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the material will accrete either in the form of an accretion disk that is truncated near the white
dwarf, an accretion stream where the material impacts the magnetosphere directly (Hameury et
al. 1986), or an accretion curtain in which the material follows the magnetic field lines from the
accretion disk (Rosen et al. 1988).
FO Aqr has been studied previously and has a well-defined orbital and spin variation in
its light curve. In 2016, Kennedy et al. found the spin period to be 1254.3401(4) seconds and the
orbital period to be 4.8508(4) hours. FO Aqr was predicted to be in a state of spinning down. In
order to check this prediction an ephemeris was created to calculate when the upcoming spin
pulses would arrive. However, starting in May 2016, Littlefield et al. observed FO Aqr to be in a
low state with an unrecognizable light curve. The spin pulses were no longer prominent and
were replaced by the beat and two times the beat. A function should be able to describe the
shape of the light curve in the K2 data and perhaps in newly acquired data.

Experimental Methods
The Kepler K2 mission took 69 days worth of data on FO Aqr using the Kepler space
telescope in 2014 and 2015. The data was taken with one-minute cadences and was able to take
continuous data with no daily interruptions that a ground telescope would experience during
daylight. For this reason, the K2 data works well for analyzing and determining a proper
ephemeris and/or fit to the light curve. Photometry was performed on this data to create a light
curve for the variable star.
Initially, it was decided that a practical way to predict the arrival time of spin pulses
would be using an ephemeris. For easy comparisons between the spin pulses and the orbital
variations, the ephemerides have the same initial time (Barycentric Julian Date or BJD). The

3

orbital ephemeris is initialized at a minimum or trough of the orbital variations and the spin
ephemeris is initialized at the maximum or peak of the spin variations. To find a data point that
corresponded to these guidelines a quadratic equation was fit to each spin peak and each orbital
trough. The maximum and minimum points in the corresponding curves were than compared.
The pair of points that were the closest in BJD were then used as the initial BJD.
In order to determine the period of the spin and orbital variations the data was subject to a
Lomb-Scargle Periodogram (Lomb 1976; Scargle 1982), shown in Figure 1. The strongest
frequency (right-most peak) corresponds to the spin frequency and the second strongest (leftmost peak) is the orbital frequency. From this graph, a quadratic equation is fit to the strongest
two peaks to get an initial estimate for the frequency and period of the spin and orbital variations.

Figure 1: A Lomb- Scargle Periodogram of the K2 data. The dashed lines indicate the positions
of the orbital, beat, and spin frequency, from left to right respectively.
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Another strategy used for determining the period of the spin pulses was to subtract out
the orbital variations in FO Aqr’s light curve so the remaining curve was due entirely to the spin
variations. The light curve of the spin variations is similar to a sinusoidal curve. Using the spin
period found from the Lomb-Scargle Periodogram as an initial parameter, a sine curve can be fit
to the K2 data using the least squares model and a final period can be found.
A linear spin and orbital ephemeris can be established using the initial BJD (𝐵𝐵𝐵𝐵𝐵𝐵∅ ) and

the corresponding period (P) using the equation:

𝐵𝐵𝐵𝐵𝐵𝐵 = 𝐵𝐵𝐵𝐵𝐵𝐵∅ + 𝑃𝑃 ∗ 𝐸𝐸𝐸𝐸𝐸𝐸𝐸𝐸ℎ

The calculated arrival times of the spin pulses can be improved upon, if instead of an
ephemeris, a function were created to fit the spin and orbital variations using a set of cosine
curves. The K2 light curve is best modeled as a spin pulse plus two beat frequencies where one
of the beat pulses is modulated over the orbit.

Results
The periods found using the Lomb-Scargle method were 1254.34(3) seconds for the spin
and 17461(6) seconds or 4.85(2) hours for the orbital period. The spin period found using the
fitting of the sine curve was 1254.3401(9) sec, which is in agreement with Kennedy et al. (2016).
In order to check if the spin ephemeris was accurately estimating the time of the spin
pulses in the Kepler K2 data an O-C graph was checked (Figure 2). The O-C graph represents
difference between the actual times (observed times) of the spin pulses and the calculated times
using the spin ephemeris. If the ephemeris is accurately predicting the spin pulse times than the
data points should remain around zero. Instead, an orbital variation is seen in the arrival time of
the spin pulses. This curve also appears to be the same shape as the phased light curve of FO
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Aqr in Kennedy et al. (2016). The function fit minus the calculated BJD from the spin
ephemeris is also shown on the O-C graph. The function is close to replicating the K2 data.

Figure 2: An O-C (observed BJD minus calculated BJD) graph illustrating the difference
between the actual times of the spin pulses and the calculated times using the determined spin
ephemeris (blue points). The red line represents the difference between the function fit of the K2
light curve and the calculated times determined by the ephemeris.
A fifth order polynomial was added to the end of the linear ephemeris in order to try to
correct for the orbital variation in the O-C graph. However, the added polynomial did not correct
for the variation in the O-C graph enough to have a significant affect, so a different approach was
used.
A function using four different cosine equations is currently being used to fit the light
curve of the Kepler K2 data. The four parts of the function correspond to the spin variation, one
beat, two times the beat, and the orbital variation. The fit is shown in figure 3.
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Figure 3: The first orbital period in the K2 data plotted with the function fit of the data.

Another reason, the ephemeris was switch out for the function was that starting in May
2016 FO Aqr was observed to be in a low state. In this low state, the spin variation has
disappeared and the beat and two times the beat are the dominant variations in the light curve.
The ephemeris created using the Kepler K2 data would be unable to predict these new variations.
The newly created function will be able to predict these variations using different amplitudes for
the high state and the low state.
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Conclusion
FO Aqr has changed dramatically in the past few months. The O-C graph (Figure 2)
showed an orbital variation in the arrival times of the spin pulses in the K2 data. This orbital
variation is puzzling since in CVs the spin period and the orbital period are not related to one
another. However, the O-C graph shows that the arrival times of the spin pulses are clearly
dependent on the orbital phase of the system. This variation is probably due to the beat and
twice the beat frequency, which are prominent in the low state, meaning that the beat frequency
must have comparable amplitude to the spin frequency if it is to affect the light curve as seen in
the K2 data. The simple ephemeris was not able to accurately predict the arrival times of the
spin pulses because of the orbital variance.
Data of FO Aqr taken in May through August using the Sarah L. Krizmanich Telescope
shows the system is now in a low state that is dominated by the beat frequency and twice the beat
frequency. This switch in the light curve is a source of mystery and is continuing to be
investigated.
The function used to fit the K2 data will be able to show the relationship between the
spin, beat, and orbital frequencies, as well as the relationship between the low and high states of
FO Aqr. Although, the fit is still being worked on. On a whole, there is more work that needs to
be done on this project before it is finished. The function needs to be adjusted to fit the data
more accurately and the explanation behind the shift to a low state can be further explored and
discussed.
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Abstract
The goal of this experiment was to perform exploratory small-angle neutron scattering
(SANS) measurements on FeSe and to optimize the preparation of its vortex lattice for
SANS measurements. This preparation consisted of both small oscillations in the
amplitude of the magnetic field (wiggling) while the sample was held at a low
temperature and also field cooling the sample while subject to a constant magnetic
field. After the initial measurements on FeSe failed to yield any Bragg peaks, a similar
process was used to explore a secondary sample of CaKFe4 As4 (CaKFA) with the same
results.

1

Introduction
In the Meissner effect, superconducting materials restrict any applied magnetic fields to

the London penetration depth. However, in type-II superconductors, when the magnitude
of the applied magnetic field lies between the two critical fields, Hc1 < H < Hc2 as shown
in Fig 1, the superconductor becomes riddled with small vortices. These vortices are
non-superconducting regions which are insulated from the superconducting bulk of the
material by a super current. Each of these vortices allows one quantum of magnetic flux
through the sample thus permitting the bulk of the sample to remain superconducting
[1].
Because these vortices repulse one another and seek the least energetic configuration
(analogously to electrons on the surface of a conductor) these vortices align themselves in
a well-organized vortex lattice [1]. However, occasionally defects in the sample can cause
pinning where a vortex is prevented from moving into the lattice and thus causes disorder.
In order to study the lowest energy order configuration, two procedures are particularly
effective at overcoming this pinning. Field cooling is when a magnetic field is applied to
the sample before it is cooled below Tc . With this method, the vortices are present in the
material from as soon as it becomes superconducting. The second method is called field
wiggling. As the name implies, a small oscillation in the magnetic field is applied to the
sample in the hope that this will give the vortices enough energy to overcome pinning.
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Figure 1: A magnetic field-temperature graph for a type II superconductor. Vortices develop when
the magnetic field lies between the Hc1 and Hc2 values.

Unlike type-I superconductors which have a well developed theoretical explanation,
there is no universally accepted theoretical explanation for type-II superconductors. However, the vortex lattice can be used as a probe into type-II superconductors and eventually
may lead to the theoretical understanding behind their mechanics [1].

2

Experiment Details

2.1

SANS Measurements

SANS experiments study the magnetic modulation of a sample by utilizing Bragg’s
condition for diffraction:

2dsin(θ) = nλ

(1)

where d is the distance between crystal layers, θ is the scattering angle, n is an integer,
and λ is the wavelength of the incident particles. SANS works similarly to Bragg x-ray
crystal diffraction with the vortices acting like the crystal’s atoms. Neutron scattering is
particularly useful for determining the parameters of vortex lattices in type-II superconductors because the typical wavelength of a neutron from a nuclear reactor (8Å-12Å) is
12

Figure 2: A typical set-up for a SANS experiment. The vortex lattice is rotated around two different
axis in order to satisfy the Bragg condition and find the Bragg peaks. The neutron beam (~n) is in the
~
same direction as the magnetic field (H).

the proper magnitude to study the spacing of a vortex lattice [1], and the neutrons have
a magnetic moment which is scattered off the magnetic field modulations.
The experiment was performed on the CG-2 instrument at the High Intensity Flux
Reactor (HIFR) at Oak Ridge National Lab using the standard SANS configuration
pictured in Fig 2. Throughout the experiment the neutron beam was parallel to the
magnetic field (nkH) and, initially, also parallel to the c-axis of the crystal (Hkc−axis),
although the angle (Ω) between H and the c-axis was later varied.
At HIFR the neutrons are produced by a nuclear reactor. They are then sent through
neutron guides into a velocity selector. In the velocity selector, the neutrons enter curved
channels cut into the sides of a large drum. The drum rotates so that only the neutrons
at the desired speed fly along the curved channels without running into the sides. Finally,
the neutrons scatter off of the sample and into a long, evacuated flight tube to the position
detector.
The instrument settings used for the experiment are listed in Table 1. N.B. the sample
aperture is not listed in the table because it was varied throughout the experiment and
its values can be found in Table 2.

2.2

Sample Mount and Alignment

Two mosaics of FeSe doped with Cr were created by co-aligning the crystal facets
under an optical microscope. A third sample mosaic of FeSe doped with Te was also
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Parameter
Wavelength (λ)
Temperature
Collimation
Detector Distance
Source Aperture
Magnetic Field

Value
9.69
1.7 K
18 m
19.2 m
40 mm
0.3 T

Table 1: CG-2 Instrument Settings Note the long detector distance of 19.2 m since the neutrons are
only scattered less than 1.0◦ [1].

created, but was not utilized in this experiment. The FeSe mosaics doped with Cr were
then placed back-to-back on Al plates to increase the scattering intensity. The backup
CaKFA sample was placed on the same sample holder allowing for an easy transition
between the samples without warming, as shown in Fig 3a. The small grey strips on each
side of the dark samples are cadmium (Cd) plates which facilitate the alignment of the
sample and neutron beam. Since Cd is a neutron absorber, it is easily detected with the
aid of a neutron camera and the position of the sample can be determined relative to
the Cd plates. The sample holder’s newly designed Al supports were expanded beyond
the copper end-pieces, as seen in Fig 3b, to allow scattering along the crystalline c-axis
without additional Al background subtraction.

(a)

(b)

Figure 3: (a) The CaKFA (left) and FeSe (right) are attached to the sample holder with bostik glue.
(b) The Al supports were expanded past the sides of the copper end-pieces to allow for scattering at
wide angles (Ω)with respect to the c-axis.

Preliminary san and phi alignment was performed by a Niobium (Nb) type-II superconductor from L. DeBeer-Schmitt. As discernable from Fig 4, the Nb appeared to be
misaligned by -1.45◦ in phi. However, such a large misalignment could have other contributing causes such as the Nb rod being incorrectly mounted. Also, if the misalignment
14

Figure 4: The tilt Nb alignment scan. The rocking curve of two prominent, symmetric Bragg peaks.
Observe that they are offset from zero at -1.65◦ and -1.25◦ respectively, leading to an average offset of
-1.45◦ .

was caused by a incorrect mounting of the Nb, then we would have no reference for the
phi zero, which is why we did not initially realign based on this scan.

2.3

Searching for the Bragg peaks...

Rocking curves were performed at three different angle combinations on FeSe, as
summarized by Table 2.

Phi
(Φ)
0◦
0◦
0◦
-1.45◦
-1.45◦
-

Omega
(Ω)
0◦
0◦
0◦
0◦
0◦
75◦
75◦
75◦

VL Ordering
Method
FC
FC+FW
FW
FC
FC+FW
FC
FC+FW
FC+FW

Sample
Aperture
6 mm
6 mm
6 mm
6 mm
6 mm
4 mm
4 mm
4 mm

Axis
Scan
san RC
san RC
san RO
san RO
san RO
tilt RC
tilt RC
tilt RC

Table 2: The experimental parameters for each scan of FeSe. FW indicates a field wiggle, FC indicates a field cool, RC indicates a rocking curve and RO indicates rocked-on.

Even though several potential Bragg peaks were identified in the initial scans, further
rocked-on scans demonstrated that these were merely background noise. The second scan
which had potential Bragg peaks at the correct ~q can be seen in Fig 5.
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!

Figure 5: The second RC scan. The red boxes indicate the areas which may have been vortices and
which led to the rocked-on third scan.

However, the third rocked-on scan failed to reproduce the same results when the same
angles were scanned with higher count times and better background subtraction. The
next two scans were performed at a tilt on the same rocked-on values as scan three to
account for the possible phi misalignment.
When these further scans indicated that the alleged peaks were merely background
noise, the next option was to assume FeSe had high anisotropy and go off-angle to try
to only observe one of its direction-dependent domains. The smaller sample aperture of
was utilized to cut down on a flare along the vertical ~q-axis These last three scans also
failed to reveal any Bragg peaks, causing us to abandon FeSe and to switch samples to
the backup CaKFA.
The CaKFA yielded similar results and the scans are summarized in Table 3. Similarly
to FeSe, the first few scans failed to show Bragg peaks resulting in off-axis rocking curves
for the final scans to account for the possibility of having an anisotropic vortex lattice.
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Phi
(Φ)
0◦
0◦
0◦
-

Omega
(Ω)
0◦
0◦
0◦
75◦
75◦

VL Ordering
Method
FC
FC+FW
FC+FW
FC+FW
FC+FW

Sample
Aperture
5x7 mm
5x7 mm
5x7 mm
3x7 mm
3x7 mm

Axis
Scan
san RC
san RC
tilt RC
san RC
tilt RC

Table 3: The experimental parameters for each scan of CaKFA. For the VL Ordering Method, FW
indicates a field wiggle and FC indicates a field cool and for the curve spread RC indicates a rocking
curve and RO indicates rocked-on.

3

Technical and Scientific Difficulties
There was a considerable background flare along the vertical axis of the detector in sev-

eral of the FeSe and CaKFA backgrounds. This flare may have been caused by hanging
wires in the cryomagnet, mag-c, which interfered with the neutron beam before it hit the
sample. However, the flare only appeared sporadically and its inconsistency exacerbated
its distortion of the data since it could not be reliably background subtracted. The copious vertical background made it virtually impossible to obtain any Bragg peaks along the
vertical axis. Coupling this vertical obscurity with the inability to align phi consistently
plagued the experiment and significantly complicated the background subtraction. Another difficulty was that communication between the magnet and the program SPICE,
which drove it remotely, had broken down. Thus the only way to control the magnet was
to manually enter the commands instead of scripting them on the computer. In addition,
the magnet’s current would also atrophy every five hours unless it was given a command.

4

Conclusion
In conclusion, no conventional indications of a vortex lattice were observed in either

FeSe or CaKFA. However, the lower limit of the penetration depth can still be calculated.
Using the London theory form factor, the equation for the penetration depth of a isotropic
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(b)

(a)

Figure 6: (a) The off-axis rocking curve. (b) The plotted rocking curve with the curve fit that was
integrated to find the reflectivity.

superconductor is [1]:

|h| =

B
−c∗ζ 2 q 2
e
1 + λ2 q 2

(2)

Where λ is the lower limit of the penetration depth, h is the form factor, B is the
magnetic field, q is the scattering vector, c is a constant typically taken to be 1/2,
and ζ = 4.5nm is the superconducting coherence length [2]. The form factor h can
be calculated from the equation for the reflectivity as [1]:

|h|2 =

16 φ20 q
R
2π γn2 t λ2n

(3)

where γn is the gyromagnetic ratio of the neutron, λn is the wavelength of the incident
neutrons, φ0 is the magnetic flux quantum, t is the thickness of the sample and R is the
reflectivity, which in turn can be measured as the total scattered number of neutrons
over the total number of neutrons. The value of the R was calculated from the integrated
intensity of a potential Bragg peak from the scan in Fig 6. Thus the form factor, h =
1.47 × 10−3 T and the lower limit of the penetration depth, λ(0) = 169.7 nm.
There are many possible reasons for why this experiment failed to see a vortex lattice
18

in either FeSe or CaKFA. One possibility is that the crystal faces in the mosaic were
misaligned and thus did not create large enough domains for proper SANS measurements.
However, the two most likely cases are that either the samples have too large of a London
penetration depth or that the samples simply do not have a well ordered vortex lattice
which can be probed by SANS measurements.
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Abstract
In 2012, the Compact Muon Solenoid (CMS) detector was one of two general particle
detectors located around the Large Hadron Collider (LHC) that detected a particle that is
consistent with the Standard Model (SM) Higgs boson. Since that discovery, CMS physicists
have sought to understand the properties of the Higgs boson and its couplings with other SM
particles. Currently, there is an ongoing endeavor to measure the Higgs boson coupling to the top
quark through the production of a Higgs boson in association with a top-pair (ttH) in a same-sign
dilepton analysis. Top-Higgs production is rare and the complexity of the final state particles
requires the use of multivariate algorithm analyses, such as a Boosted Decision Tree (BDT), to
perform the necessary reconstruction of ttH events. Presented are the results of tests performed
on a new BDT reconstruction algorithm that seek to understand causes for wrong assignments of
final state particles in order to find methods of improving the accuracy of the BDT
reconstruction.
Introduction
The Large Hadron Collider’s (LHC) first operational run, beginning in 2009, lead to the
eventual discovery of a 125 GeV/c2 particle that is predicted to be the Standard Model (SM)
Higgs boson. Since this discovery in 2012, physicists have confirmed various measured
properties of this particle, such as the parity and spin, to verify that it is in accord with SM
predictions.[1] The Higgs boson is the SM particle that gives all other particles their mass,
implying that particles that couple strongly with the Higgs have a higher mass than particles that
have a weaker coupling.
One coupling of interest that has not been directly measured is the Higgs coupling with
the top quark. The top quark has the highest detected mass of all of the SM particles at around

21

173 GeV/c2. The massiveness of the top quark presents an interesting problem: the top quark is
heavier than the Higgs boson so physicists cannot measure the coupling through a decay of the
SM Higgs into top quarks. In order to exclude physics Beyond the Standard Model (BSM) and to
test the accuracy of the SM prediction of the Higgs boson and top quark coupling, the production
of a Higgs boson and top quark must be measured. The Higgs and top anti-top quark pair
production through gluon fusion solves this problem.
The ttH event that the BDT reconstructor attempts to reconstruct is the event where the
top anti-top pair and Higgs decay to W bosons. Almost always, the top quark decays to a W
boson and a bottom quark. Afterwards, the bottom quark decays into a spray of particles called a
b-jet and the W boson decays into either, a quark anti-quark pair that decays to jets, or a lepton
(i.e. electron, muon, or tau particle) and neutrino, with a tau lepton decaying to an electron or
muon in association with a neutrino or a jet. The Higgs boson decays to two W bosons and one
of the W bosons decays to a lepton and neutrino. The other W boson from the Higgs decays into
a quark anti-quark pair that decays to jets. Our final state ideally has two leptons of the same sign
and six jets (2lss+6jets).
Due to the rareness and complexity of the final state particles, decay signatures are used
by physicists to distinguish events of interest from background events. In our particular mode of
ttH production, the decay signature we are using is same sign dilepton (2lss), where the leptons
come from W bosons of the same charge from the leptonic top and the Higgs.

22

Fig. 1: (Left) Feynman diagram of an example same sign dilepton ttH event with Higgs->WW. This is the
event that we are considering and testing with the current BDT reconstructor, as it is a 2lss + 6jets event.
(Right) Depiction what we see in the detector. The blue cones are the quark jets, the green cones are the
b-jets, the red arrows are the leptons, and the grey arrows represent the missing neutrinos.

CMS Detector
The CMS detector is located underground along the ring of the LHC at Point 5 in Cessy,
France. The detector is designed to detect many different particles and phenomena from the
proton collisions inside the cylindrical detector. After the collisions, particles are sprayed
throughout the detector and various kinematic properties are detected at different levels. The first
layer is the silicon tracker which tracks the path of charged particles through the detector. The
second layers of detection are the calorimeters. The electromagnetic calorimeter (ECAL) detects
the energies of electrons and photons and the hadronic calorimeter (HCAL) detects the energies
of the hadrons. Both calorimeters stop the particles in the calorimeter in order to measure the
energies. The final layers of detection are the muon chambers, which measure the momenta of
the muons, which escape detection in the calorimeters. Even though neutrinos are still present in
our ttH production, CMS never detects neutrinos directly because neutrinos interact very weakly
with matter. However, physicists can determine the missing momentum of the neutrinos by
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adding up all of the momenta of the detected particles. This information informs the physicist of
where the neutrinos came from.[2]
Use of a Boosted Decision Tree
As stated above, the rareness of ttH events and complexity of the final state particles
requires the use of multivariate analyses, like Boosted Decision Trees (BDT), to analyze millions
of events. A BDT is a form of machine learning that is trained to analyze each event, separate
background and signal events based on certain signatures and characteristics of each event, and
assign a value to each event based on the input variables that best separate signal from
background. For our purposes, the BDT algorithm provides a reconstruction by matching the
final state objects from the signal in our simulated ttH events to their generation particles (i.e.
particles that the jets and leptons originate from in the event). If this matching is done correctly,
our BDT counts that matching as a signal, whereas if the BDT incorrectly matches objects, those
are considered background.
Our BDT reconstruction technique is new because of the addition of the missing or null
jets. In any event where there is a missing jet, the BDT has an option of selecting a null jet for
that final state object. Although our final state must be 2lss+6jets, sometimes we lose jets or end
up with extra jets for various reasons. For example, our detector may lose a jet if the transverse
momentum is too low to pass our selection requirements or our detector may detect an extra jet if
one of the top quarks is virtual and emits gluon radiation.
Currently, our BDT reconstructor matches all of the objects in this particular ttH
production 16.2% of the time. This percentage does not take into consideration partially or
mostly correct reconstructions. While this number may seem low, the BDT still has a
significantly better chance of matching the correct object than a random placing of the objects.
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Tests and Results
The tests I performed with this novel BDT reconstruction technique sought to understand
how the BDT makes reconstruction decisions, whether they are right or wrong, based on certain
variables. We can know how well our BDT performed because we are using simulated data and
can “look up” the correct answer, or can compare what object was supposed to be matched and
what object the BDT matches.
My project began by investigating the mistakes and successes of the BDT in matching
each object and attempting to find correlations between the BDT’s success or failure in matching
the objects. After this brief investigation, I sought to understand the correlation between the
numbers of jets in an event and the correctness of the BDT decision making. An understanding
of how the BDT acts with the multiplicity of jets is crucial because, if the BDT makes a lot of
mistakes or is successful when the number of jets is either more, less, or equal to six, then it may
be advantageous to do a separate training of the BDT for different numbers of jets.
The table in Figure 2 is an attempt at investigating the BDT’s matching score based on
the multiplicity of jets. The subrows of particular interest in each set of objects is the null row.
The null row demonstrates two separate trends when the multiplicity of the jets changes. The
quark jets from the hadronic top show the unsurprising tend that, when you decrease the number
of jets, the amount of null jets that get correctly assigned increases, while the number of correctly
assigned real objects decreases. This characteristic should be unsurprising because if you have
fewer real jets to assign, the odds that one of the jets is supposed to be assigned null increase.
The more interesting trend in Figure 2 is also found through the comparison of the null jet
row across the quark jets from the Higgs row. This comparison reveals the same conclusion as
the quark jets from the hadronic top, that is, it shows the increase in the correct assignment of
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null jets as the number of jets in the event decreases. However, this row is very different from the
quark jets from the hadronic top because, as the number of jets increase, the number of wrong
null jet assignments also increases. This conclusion indicates that the BDT is mistakenly
choosing a null jet in place of a real jet that is present in our simulated event. Another noticeable
feature of the jets from the Higgs is that the highest percentage is when the BDT correctly
assigns a null jet, which implies that often the jets from the Higgs do not satisfy some of our
selection requirements and are therefore not reconstructed (null).
Jets > 6

W Jets From
HadTop

W Jets From Higgs

Jets = 6

C

I

null

6%

3%

real

40%

51%
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null
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16%

real

8%

14%
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10%
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15%
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4%

C

I

null

21%

4%
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42%

33%
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88%

7%
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Fig. 2: Chart showing the percentage of correct and incorrect assignments of null and real W jets from
the hadronic top and Higgs in all of the ttH events that pass 2lss. C=correct, I=incorrect, null=null jet
assigned, real=real jet assigned.

In light of the conclusions from the table above, analyzing the quark jets from the Higgs

may be helpful to understanding why the BDT assigns null jets when there is a real object
present in the simulation. A thorough analysis of the particles that generate the jets was
undertaken. The current working hypothesis is that there is a chance that the generating particles
are being removed for potentially three kinematic reasons: the transverse momentum (p T ) of the
generating particle of the jet is too low, the psuedorapidity (η) value of the particle is too high,
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the ΔR value (ΔR = √(Δϕ2-Δη2) which represents the angular separation between one particle and
another, is too low.

Fig. 4: Pie charts showing various reasons why the jets from the hadronic top (left) and the W jets from
the Higgs (right) might be null.

Above are a final set of plots (Fig. 4) for the generating particles for quark jets from the
hadronic top and Higgs. These pie charts are interesting because what they reveal is that the pT is
too low for some of these particles, indicating that there may be an adjustment that can be made
to the jet selection that would allow for more real jets in the event. Another feature to both charts
is the second reason for losing the jet appears to be none of these three. Because of this result,
there is more work to be done to understand what is happening in these cases. There are a couple
of immediate hypotheses. One is potentially a problem with our matching algorithm responsible
for matching the generating particles with the jets and, two, is the possibility that the jets are also
lost because of hard QCD radiation that causes a jet to split into two jets.
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Further investigations still need to be pursued in order to improve the accuracy of this
novel BDT reconstructor. The next stages of this project is to continue to further characterize the
the reasons why the BDT makes a mistake when matching the final state objects and to
understand and discover ways to increase the number of jets that can be reconstructed and
matched. These stages are crucial for the improvement of this novel BDT reconstructing
algorithm.
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ABSTRACT
Atmospheric pressure plasma (APP) sources are growing interest in medicine due to
their ability to be used under ambient air conditions and their non-thermal properties,
which allow APPs to be used without causing thermal damage to tissue or cells. A
helium gas with an admixture of oxygen in an atmospheric pressure plasma jet (APPJ)
was used to induce damage to DNA. The different types of DNA damage resulting from
plasma irradiation include: undamaged (UND) DNA, single-strand breaks (SSBs), and
double-strand breaks (DSBs). The fraction of DNA conformers was determined by using
agarose gel electrophoresis. DNA damage decreased with an increase in distance
between the opening of the APPJ and the sample. The total DNA damage increased with
increasing concentrations of oxygen, then remained constant after 0.25% to 0.5% of
oxygen. The effects of plasma irradiation and reactive species on DNA damage due to
the addition of oxygen is further discussed.
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INTRODUCTION
Atmospheric pressure plasmas (APPs) are being used in medical applications
directly on or in the human body, specifically wound healing, cancer treatment, and
dentistry [1]. Atmospheric pressure plasma jets (APPJs) can be used under ambient air
conditions and have non-thermal properties, which are desirable because they do not
cause any thermal damage to tissues or cells. APPJs contain various types of species,
such as radicals, electrons, photons, and charged particles. These reactive species cause
the most damage in DNA. Oxygen, especially, causes more DNA damage due to the
increased production of reactive species.
In this study, DNA was irradiated by a helium and oxygen APPJ at various
distances, irradiation times and concentration of oxygen at a fixed applied voltage and
helium flow rate. The amount of undamaged DNA, SSBs and DSBs was quantified.

EXPERIMENTAL SETUP
The experimental setup of the plasma used is
shown in figure 1. Two electrodes are present, one
grounded and the other connected to a high voltage
(HV) transformer. The HV transformer is connected to a
HV power supply, waveform generator and
oscilloscope. Plasma is ignited between the two
electrodes with helium / helium and oxygen flowing
inside the tube. The flow is controlled by a regulator,
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and set at 2 standard liters per minute (slm)
throughout the experiment, while the amount of
oxygen varied, the applied voltage is kept
constant and is set to 10.8 kV.
DNA extracted from Escherichia coli (E.
coli) is diluted with deionized water; each 15 μL
sample contained 100 ng of DNA. Samples are
pipetted into a glass substrate with 20 μL deep
wells. The glass substrate is placed directly
under the plasma jet for 15 s. After irradiation,
the sample is pipetted out and the remaining
sample is collected by rinsing with 5 μL of PBS
(Phosphate Buffered Saline) in well three times.
The samples are irradiated at various distances to determine the distance at which the
most DNA damage occurs. Then, the samples are irradiated with only helium or
various amounts of oxygen, (2.5, 5.0, 7.5, and 10 standard cubic centimeter per minute
(sccm)), to find the concentration of oxygen that induced the most DNA damage. Lastly,
once the optimal distance and oxygen concentration is determined, samples are
irradiated at different exposure times (15, 30, 45, 60 s). To obtain accurate results, three
trials are done for each distance, amount of oxygen, and exposure time.
To determine the fraction of different types of DNA damage (UND, SSBs, and
DSBs) induced by plasma irradiation, agarose gel electrophoresis is used. Agarose
powder is dissolved in 1 X TBE buffer by heating the mixture, and 3 μL of SYBR Green I
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Nucleic Acid Stain (fluorescent dye)
is added after mixture is cooled to
60℃. A blue dye is added to each
sample, as a marker to visualize the
movement of the charged particles,
and loaded into the wells of the gel.
The samples are electrophoresed on
the agarose gel in 1 X TBE at 70 V
and 400 mA, for 180 minutes. After
the samples are electrophoresed, the
gel is placed into a gel imager
(Molecular imager Gel Doc
XR+System) and exposed to UV.
Quantity One, a software used to display gel
images and acquire DNA damage, is used to
display the fluorescence intensity indicating
the amount of damage, or undamaged, DNA
within each band. To find the amount and type
of damage, samples treated in the same
conditions were averaged and the standard deviation for each data point was
calculated.

RESULTS AND DISCUSSION
Each experiment had a control and a flow or substrate control sample to
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determine any factors contributing to damage. For the first experiment, the samples
are placed under the
plasma for 15 s at various
distances, (0.3, 0.7, 1.0, 1.5,
2.0, 2.5, and 3.0 cm), to
find the optimal distance
for DNA damage. In figure
3, the results show that the
fraction of undamaged
DNA slightly increases as
distance increases, then a
noticeable incline after 1.5
cm of undamaged DNA. At
shorter distances, less
undamaged conformers
were observed, as shown in
figure 3. Therefore, shorter
distances induce more
damaged DNA (SSBs and
DSBs) compared to longer
distances, shown in figure 4 and
figure 5. In figure 4, DNA damage
is slightly decreasing from 0.3 to 1.5 cm, then a steeper decline after 1.5 cm, as the
sample is placed farther from the jet of the plasma. The plasma jet becomes unstable at
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long distances, which can contribute to the decreasing amount of DNA damage, due to
the jet not directly hitting
the sample. Previous
studies, with the use of
optical emission
spectroscopy, showed that
radicals tend to diffuse
into the atmosphere at
further distances from
the APPJ, inducing less
damage in DNA [2]. There is a
small percentage of
DSBs; figure 5 shows
DSBs slightly decreasing
as distance increases,
but the helium only
curve being moderately
constant and low.
When increasing
concentration of
oxygen, there is an increase in
damage (SSBs and DSBs) from
no oxygen (0 sccm) to 5.0 sccm,
then becomes constant after 5.0 sccm of oxygen, shown on figure 5.
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In the last
experiment, samples
are irradiated at
different times from
15 to 60 s with
helium only and
helium and oxygen at
distance of 2 cm. The
results from figure 7
show that there is
only slight
differences in DNA
conformers with
helium only and
helium / oxygen
mixture. Also, as
exposure time
increases, total
damage (SSBs and DSBs)
increases.

CONCLUSION
DNA samples irradiated at closer distances showed a higher level of SSBs and
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DSBs, compared to longer distances. When samples were not directly in the jet region,
results showed less damage in DNA. Due to the instability of the plasma jet and the
dispersion of reactive species into the atmosphere, less damage is induced to the DNA
samples. The amount of damage due to the addition of oxygen is quite apparent. There
were more SSBs and DSBs with samples exposed to helium and oxygen compared to
only helium. This is due to the higher production of reactive species from oxygen,
which is the biggest contributor to DNA damage. Lastly, when samples are irradiated
for a longer amount of time, more DNA damage occurs. There is only a slight
difference between the helium only curves and the He/O2 curves, which is not quite
what was expected.
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Abstract
In the study of the chemical evolution of galaxies, stars of the first generations whose light still
exists today can provide a wealth of information regarding the nature of the Universe in the period
of several hundred million years after the Big Bang. Stars of this variety often have a low level
of metallicity, which is the concentration of iron over hydrogen in the atmosphere of the star, and
an abundance in carbon, denoted — similarly to metallicity — by the concentration of carbon
over iron in the atmosphere of the star — jointly, these stars are referred to as CEMP (CarbonEnhanced Metal-Poor). Historically, astronomers have used spectroscopic means to analyze the
light reaching Earth from distant stars; however, in this project, the starlight will be analyzed
using photometric methods, with the application of several narrow and broad-band filters from the
SPLUS (Southern Photometric Local Universe Survey). The SPLUS filters are effective at isolating
the spectral features of the starlight that denote metallicity, carbon abundance, and temperature.
To streamline the process of analyzing stars of interest, a series of artificial neural networks have
been and are being created to estimate stellar characteristics using non-linear transformations of the
magnitudes of synthetic stellar data analyzed through various arrays of photometric filters. Robust
artificial neural networks, focused on different stellar characteristics, can increase the efficiency of
CEMP star discovery, expanding the knowledge base of the oldest stars in near-field astronomy.
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1

Introduction

1.1

Carbon-Enhanced, Metal-Poor Stars

When searching for information on the early Universe, a good place to look is at the oldest stars in
existence today. It is believed that a suggestive sign of this longevity is a scarcity of metal within
the star — in this case, iron — and an abundance of carbon; the presence of such carbon has been
suggested as a cooling agent facilitating the formation of these stars (Frebel, 2010). The notation for
the abundance of one element with respect to another is: [A/B] ≡ log10 (NA /NB )∗ − log10 (NA /NB )
(NA and NB refer to the numbers of atoms of elements A and B, and

refers to the solar value).

Metallicity is standardly defined as follows (Beers & Christlieb, 2005):

[Fe/H]
Term
>+0.5
Super metal-rich
0.0
Solar
<-1.0
Metal-poor
<-2.0
Very metal-poor
<-3.0 Extremely metal-poor
<-4.0
Ultra metal-poor
Hyper metal-poor
<-5.0
<-6.0
Mega metal-poor

Acronym
SMR
MP
VMP
EMP
UMP
HMP
MMP

Table 1: Definition of Metal-poor Stars

Carbon-enhanced metal-poor stars
CEMP
CEMP-r
CEMP-s
CEMP-r/s
CEMP-no

[C/Fe] > +1.0
[C/Fe] > +1.0 and [Eu/Fe] > +1.0
[C/Fe] > +1.0, [Ba/Fe] > +1.0, and [Ba/Eu] > +0.5
[C/Fe] > +1.0 and 0.0 < [Ba/Eu] < +0.5
[C/Fe] > +1.0 and [Ba/Fe] < 0

Table 2: Definition of Subclasses of Metal-poor Stars

Additionally, metal-poor stars are considered carbon enhanced when Astronomers can identify
the abundance or scarcity of elements by interpreting spectroscopic data from the stellar photons.
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Stars with these characteristics are useful to astronomers and astrophysicists for a number of reasons.
Distinct among those are: the exposition of the nature of the Big Bang, of the nature of the first
stars, and the first universal mass function; predictions of the production of elements by supernovae;
and so on (Beers & Christlieb, 2005). Finding these stars amidst countless neighbors is no easy task;
teams of scientists, mine a prime example, are dedicated to identifying these stars.

1.2

SDSS, SPLUS Filters

Like the filters on the outside of the camera that select for specific wavelength ranges of the electromagnetic spectrum, the narrow-band, SPLUS filters are effective at isolating the chemical features
of the spectra that indicate metallicity, carbonicity, and effective temperature (Tef f )(Fukugita et al.,
1996). They, in addition to broader filters from the Sloan Digital Sky Survey (SDSS), will be used in
various modeling techniques for the extraction of stars of interest from spectral data sets. Below is a
plot of the wavelength and transmission flux of a synthetic spectrum (Figure 1). The regions around
the intersection of F410 and F430 and immediately succeeding F430 in wavelength are indicators of
carbon abundance, while the Ca II K line, which lies within F395, is sensitive to metallicity.

1.3

Synthetic Spectra

My responsibility this summer has been to work on ways to streamline the selection process of CEMP
stars from these spectral data sets. To do so, trends arising from synthetic stellar spectra can be
isolated and studied to decide how to approach the observational spectra arising from these massive
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data sets. The synthetic spectra at hand are generated from variations of four key stellar characteristics — effective temperature, logarithmic surface gravity, metallicity, and carbon abundance. From
these variations, astronomical magnitudes calculated from the filter response curves mentioned above
are created, which can be used to find trends and make models.

2

Dataset

The dataset I have been using is derived from the large set of synthetic spectra. Cuts have been
made to eliminate unnecessary spectra generated alongside the more replicative, life-like spectra of
interest. For instance, spectra with temperatures, carbon abundances, and metallicity ratios that
do not align with the typical CEMP portrait are largely trivial in this context and can be dismissed
as noise in the generation of the dataset. The desired spectra exist along the isochrone curves in
figure 2. The initial cuts made were [Fe/H] < −2.0 and 4000K ≤ Tef f ≤ 7000K. For logarithmic
surface gravity, temperature ranges exceeding and preceding the isochrone patterns in Figure 2 were
chosen; for example, at log g = 4, temperatures 7000K through 5500K were chosen to account for
any possible variation. This method was applied at each whole value of log g, with the intention of
capturing any and all viable spectra.
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Figure 1: A synthetic spectrum fitted with SPLUSFigure 2: Isochrone curves along which cuts were
filters F395, F410, and F430
made

3
3.1

Analysis
Filter Difference Patterns

Initial analysis of the cut data set began with an exercise looking into the relationship between filter
magnitude differences, additionally separating the stars by key characteristics like gravity and carbon
abundance. From these distinctions, significant trends can be seen along carbon abundance lines (see
Figure 3). The colors represent: [C/Fe] ≤ 0 (Yellow), 0 < [C/Fe] ≤ 0.4 (Green), 0.4 < [C/Fe] ≤
0.7 (Black), 0.7 < [C/Fe] ≤ 1.5 (Blue), and [C/Fe] > 1.5 (Red). While the filter combinations alone
were not able to capture the behavior of interest, this exercise pointed us towards the possibility of
success within linear regression.

3.2

Linear Regression Modeling

If a model can be found that effectively predicts the stellar parameters and carbon abundances from
the SPLUS magnitudes, sets of observational data can be efficiently sorted, eliminating noise from
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consideration and expediting the process, which can allow for a wider breadth of stars to be analyzed
with the conservation of time and resources. It is important for the model to show correlation with the
original spectra, as it is important for the artificial neural network results to show correlation with the
test and training sets (next section). Using various combinations of filter magnitudes as parameters,
linear regression models were computed using the ols module within the larger python-oriented
statsmodels module, where coefficients paired with the input parameters are linearly generated to
create a model. We were successful in creating linear models for temperature, metallicity, and carbon,
with the most success in temperature (success determined by residual statistics and r-squared value
of correlation between synthetic and predicted sets). It was decided that a linear regression model
could be useful, but likely would not be robust enough for our project. In Figure 4, the residual
statistics are: mean = 0.00, variance = 0.78, and sigma (standard deviation) = 0.88.

Figure 3: Synthetic spectra sorted by graph based
on log g value and by color based on carbon abundance
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Figure 4: A Linear Regression Model [C/Fe]

3.3

Artificial Neural Network Modeling

In addition to a linear regression route, the employment of the artificial neural net (ANN) was
considered to be a more robust approach, able to interpret the variability of observational data in
a more effective manner than the linear counterpart. To do this, an ANN package within R was
implemented using a randomized half of the pre-cut synthetic spectra set as the training set for the
ANNs, and its complementary half as the testing set. With the filters and colors chosen, as done
before in the case of linear regression, the nets were created. Figure 6 displays a visualization of
an ANN designed for temperature forming from a training set. From here, the resulting predicted
values (in Figure 5, Tef f ) gleaned from the filters were statistically compared to the synthetic training
set. Similarly, the test set was run through the ANN to test its resiliency with a new set of data;
statistical comparisons between the test set and the calculated values can also be found in Figure
5. Other combinations of filters have been used in ANNs not shown for the sake of brevity, but this
method appears successful for modeling temperature. I am currently working on forming nets for
the other stellar characteristics, but I was unable to finish in time for the conclusion of the summer.

4
4.1

Summary and Further Perspective
Summary

From the results of our modeling, the ANN approach shows promise regarding its ability to increase
efficiency in the search for CEMP stars — here, with the SPLUS survey. On a personal level, I have
gained experience problem solving in a computer science context; working with graduate students
and with peers in a team setting; coding in Python, R, and Unix; and learning about general themes

46

in near-field astronomy, as well as in the smaller niche of stellar archeology, as it has been called.

4.2

Moving Forward

Further work to be done on my part of the larger project is largely centered on the development
of robust artificial neural networks for the other stellar characteristics. Additionally, new filter
combinations may be implemented as these ANNs are created; there has been an interest in whether
previously used combinations, like those used in the Skymapper survey, prove effective under this
method (Keller et al., 2007). Ultimately, the application of our ANN processes to observational data
is the objective.

5
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Abstract
The study and identification of iron deficient or metal-poor stars has become important in recent
years due to their limited stellar evolution and, therefore, window into the conditions present in
the early Universe. The increasing frequency of CEMP (Carbon-Enhanced Metal-Poor) stars at
lower iron abundances make them particularly interesting to study for this purpose. CEMP stars
can be difficult to identify at high surface temperatures due to insufficient spectral resolution
combined with high ionization rates. Two new analytical techniques are created and explored to
infer the presence of carbon in the spectra. The first method is calculation of the ’asymmetry
index’, which is the ratio of the right to left of center areas of the normalized Balmer Hγ line .
The second method is the calculation of the ’g−index’, the integration of flux differences within
the g-band between a reference carbon-deficient star and a star with a higher abundance. A
grid of synthetic spectra with varying temperature, surface gravity, iron abundance, and carbon
abundance is used for the initial tests. While the asymmetry index calculation is not sensitive at
lower carbon abundances, the g−index calculation is sensitive close to its reference abundance.
The g−index calculation is tested with real spectra of the stars G64−12 and SDSS J1029+1729,
which outputs an abundance close to the real value and a new predicted higher abundance,
respectively. While further testing is needed, the g−index technique might be an alternate way
to identify CEMP stars when other methods do not measure the carbon at high temperatures.
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1

Introduction

1.1

Metal-Poor Stars

Metal-poor stars have been studied in recent years to help describe the behaviour of the early
universe. These stars have a very low metallicity or relative iron to hydrogen abundance ratio.



Fe
= log10 (NF e /NH )∗ − log10 (NF e /NH )
H

and it is strong an indicator of limited stellar evolution. These old, low-mass stars preserve
primordial conditions through their chemical compositions [Frebel & Norris(2015)].
Metal-poor stars can be distinguished into different categories through their abundances as
designated by [Beers & Christlieb(2005)]. The stars can be grouped by metallicity and also into
additonal subcategories such as by carbonicity, which is of particular importance and will be
discussed in the next section.
[Fe/H]
Term
>+0.5
Super metal-rich
Solar
0.0
Metal-poor
<-1.0
<-2.0
Very metal-poor
<-3.0 Extremely metal-poor
<-4.0
Ultra metal-poor
<-5.0
Hyper metal-poor
Mega metal-poor
<-6.0

Acronym
SMR
MP
VMP
EMP
UMP
HMP
MMP

Table 1: Definition of Metal-poor Stars
These stars are valuable in understanding how galaxies have evolved. The existence or absence
of certain neutron-capture elements can show what processes might have taken place at the time
of their formation. For example, factors such as supernovae, neutron-capture processes, and
interactions in binary systems could influence the way matter propagates throughout generations
of stars [Frebel & Norris(2015)]. The discovery and proper identification of metal-poor stars is
important for future work in galactic chemical evolution.
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1.2

CEMP Stars

Carbon-enhanced metal-poor stars (CEMP) are a subcategory of metal-poor stars which have
a high relative carbon to iron abundance ratio or carbonicity, [ FCe ]> 0.07.
There is interest in CEMP stars due to their higher frequency at lower metallicities. The
large abundance of carbon at these metallicities can be related to a primordial process, such as
the fragmentation of gas clouds polluted by Population III stars. The carbon may be part of a
cooling mechanism that allowed for a fragmentation to take place, resulting in the formation of
low-mass CEMP stars [Frebel & Norris(2015)].
CEMP stars can be difficult to identify at high temperatures because of uncertainties in their
carbon abundance. This uncertainty is due to high ionization rates at this temperature (figure
1), combined with insufficient spectral resolution.
Temperature Comparison of CEMP Stars
[Fe/H]=-3.00, log(g)=2.00, [C/Fe]=4.50
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1.3

Summary

Two techniques are studied for the purpose of detecting carbon abundances in warm stars
and, therefore, identifying CEMP stars. The first technique, the asymmetry index calculation,
uses the distortion due to carbon, and therefore asymmetry, of the Balmer Hγ line for carbon
measurement. The second, the g−index calculation, uses differences of g-band fluxes between a
reference carbon deficient star and a star with a higher abundance.
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A grid of synthetic data is used to apply both techniques, but only some real data is used
with the g−index calculation; the g−index calculation appears to be more sensitive than the
asymmetry calculation at lower carbonicities. Carbonicity values are produced for two real stars
using the g−index calculation, predicting a possible value for star SDSS J1029+1729 and coming
relatively close to the real value of G64−12. While initially promising, further testing of real data
is needed to determine the reliability of this method.

Dataset

2

Synthetic spectral data produced using the Turbospectrum code from Plez, which uses a 1D
LTE (1-dimensional local thermodynamic equilibrium) atmospheric model, is analyzed for both
techniques. The data grid is produced with varying parameters of Teff , log g, [ FHe ], and [ FCe ]; the
parameters range from 3500K to 8000K, 0.00 to 5.00, −4.50 to −3.00, −4.50 to 1.00, and in steps
of 250K, 0.50, 0.25, 0.25, respectively. Data were provided by Masseron (private communication).
The two real spectra of G64−12 and SDSS J1029+1729, were analyzed using the g−index
technique. These stars were chosen for this initial analysis because of the apparent lack of carbon
enhancement in SDSS J1029+1729, the upper limit carbonicity being at 0.70, and the high
temperature and known carbonicity of G64−12.

3

Methods

3.1

Asymmetry index calculation

The asymmetry index is calculated two ways. They both use the ratio of the right to the left
area under the center of the normalized Hγ line. The first uses the absolute difference of areas of
a gaussian fit and the Hγ line, while the second does not use any fit.
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λHγ +width/2
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Z
F dλ ,

λHγ

Alef t =

F dλ
λHγ −width/2

λHγ

Asmindex = Aright /Alef t
A fit was used for the first calculation so that smaller areas would make it more sensitive to
carbon distortion. The fit is not significantly changed by using smaller data ranges around the
Hγ line; a 40 Å range is used since it was not affected even by a 4 Å range. The second uses the
entire areas under the curve to make it more robust against small fluctuations. Both calculations
integrate the flux for different widths from the center of the Hγ line. The calculations are run for
4, 6, 8, 10, 14, 20, and 40 Å integration widths.

3.2

G-Index Calculation

The g−index calculation is carried out by integrating the differences of the normalized flux
between a star with carbon and one without, the latter always being from synthetic data.

Z

λb

gindex = −

(F − Fdef ) dλ
λa

A value of −1.50 was chosen for the carbonicity of the carbon-deficient star. The integration
focuses on the g-band flux for carbon measurement so different integration ranges were used
between 4200 and 4400 Å.
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4

Results

4.1

Asymmetry Index

The asymmetry index calculations were run for the full range of carbonicities for stars with
log g= 2.00, [ FHe ]= -3.00, and Teff = 6000K, 7000K, and 8000K.
The calculations with the fit are slightly more sensitive to lower carbonicities and are less stable
with larger integration ranges when compared to the ones without a fit. The curves become flat
between carbonicites of 1.5 to 2.0 for the fit and 2.0 to 3.0 without the fit. There are significant
changes for the fitted calculation curve above the 4 Å integration width, while the other is still
stable up to 20 Å. See figure 2 for samples.
While the curves generally seem to have a consistent pattern of a decreasing asymmetry value
as carbonicity increases, the calculations are not sensitive enough for stars at lower carbonicties,

Asymmetry Index calculation in low metallicity stars
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4.2

G-Index

Due to better results of this technique, the calculation was run for the entire grid.
This calculation generally produced sensitivity that reached the reference carbonicity of −1.50.
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Significant sensitivity remained for any arbitrary integration range between 4200 and 4400 Å.

G-Index of low-iron YY isochrone stars
[Fe/H]=-3.00, int range (4300,4340)
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When executing this technique with the real data of stars G64−12 and SDSS J1029+1729,
a more specific integration range was used to minimize the effect of the noise in the calculation.
Most arbitrary ranges consistently resulted with negative values for the integrations, which cannot
be used to match the positive only values of the synthetic data. The 4200 to 4300 Å range was
found to produce positive areas and was used for the data.
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G-Index Calculation of g64-12
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Figure 4
The integration values were compared to the curves of synthetic data for similar stars. The
carbonicity of G64−12 was matched with a value of 0.75, which is close to the real value of 1.0
(Figure 4a). For SDSS J1029+1729, the carbonicity was matched with a value of 1.5. This second
result is interesting since this star is assumed to be carbon deficient, the upper limit being at 0.70
(Figure 4b). While this method needs to be tested further, this could offer a new way to detect
carbon when other methods do not make it apparent.
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5

Further Perspective and Conclusion
While the asymmetry index calculation without a fit is not useful, a different fit for the other

calculation might improve sensitivity and it is an option to keep open in the future. Instead
of a gaussian, maybe a Voigt profile can decrease the areas and increase the sensitivity. The
asymmetry index calculation may still be useful since it relies on the asymmetry index of the Hγ
line and can potentially be resistant to noise. A smaller integration range should be considered
in this case to decrease the effect of noise.
The g−index calculation produces clear patterns in the synthetic data, but should be carefully
applied when used with real data. The noise has a significant effect on the output and it is still
uncertain whether the results it gives are accurate. There were many negative outputs for the
real data and only the 4200 to 4300 Å range created useable results.
Although, if the method is tested further and appropriate ranges are found, it could offer a
new way to measure carbon when other methods fail. Contrary to past results, SDSS J1029+1729
might potentially be a CEMP star.
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Abstract
The Large Hadron Collider (LHC) at CERN in Geneva, Switzerland will be upgraded in
the mid2020s to produce events at higher instantaneous luminosities, and therefore the Compact
Muon Solenoid (CMS) detector will require an upgrade in order to handle the accompanying
increase in collision events. This upgrade involves implementing a system capable of
reconstructing charged particle tracks from the detector in real time using fieldprogrammable
gate array (FPGA) technology, known as a Level1 (L1) Track Trigger. In order to study the
expected performance of such a trigger system, an FPGA emulation code has been developed
which is capable of running over simulated events corresponding to the anticipated output of the
upgraded LHC. Performance is characterized in terms of efficiency and resolution. The
efficiency is the rate at which simulated particle tracks are reconstructed by the L1 trigger. The
resolution quantifies how well the parameters of the simulated track are reconstructed by the
Track Trigger algorithm. Measuring the efficiency and resolution in the emulation reveals
problems that can be prevented in the actual trigger by solving them in the code. While the
emulation code can be run under ideal conditions, there are limits to time and memory associated
with the physical trigger. These realistic conditions include limitations on the maximum number
of stubs or tracks stored in various stages of track reconstruction or limits on the number of bits
that can be used for certain quantities in the reconstruction calculations. Other considerations
include nonideal behavior of different types of particles in the detector  for example, the
behavior of electrons as compared to muons. This research focuses on the implementation of
realistic limits in the code as well as the study of more complicated electron events in order to
more fully prepare for the coming upgrades to the CMS detector and the LHC.
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1

Introduction
With a diameter of 27 km and current peak energy of 13 TeV, the Large Hadron Collider

(LHC) operated by the European Organization for Nuclear Research (CERN) is the world’s
largest and most energetic particle accelerator [1]. By colliding particles at such high energies,
scientists at CERN hope to answer questions about the fundamental constituents of the universe.
Already the LHC has brought about a tremendous breakthrough in particle physics with the
confirmation of the existence of the Higgs Boson predicted by the Standard Model of Particle
Physics. One of the greatest challenges for future discoveries is that they tend to involve the
rarest of events. For example, a Higgs Boson is only found once in every 3 billion proton
collisions at the LHC [2]. To increase the rate of appearance of these kinds of rare events, an
upgrade of the LHC is necessary: the HighLuminosity LHC (HLLHC). Planned to be
operational by 2025, the goal of the HLLHC is to increase the luminosity, effectively the rate of
collisions per unit time, by a factor of ten [3].
This increase in luminosity means an increase in rate of generated collision data, which
warrants a concurrent upgrade to the detectors in order to more readily sift through this incoming
data. This project focuses on the Level 1 (L1) Track Trigger upgrade of one of the four LHC
detectors, the Compact Muon Solenoid (CMS) detector. The L1 Track Trigger is a system
through which particle tracks from collisions in the detector are reconstructed in real time using
FieldProgrammable Gate Array (FPGA) technology. These reconstructed tracks are used to
more quickly tell which collisions contain new, interesting physics data and should be kept, and
which collisions do not and should be thrown away.
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An upgrade of this caliber is expensive, however, which means that much of the
development of the reconstruction algorithm itself happens through an emulation code which
acts as a model of the FPGA hardware. This emulation code takes in simulated collision events
in the detector and returns reconstructed track parameters: namely transverse momentum pT,
initial polar angle φ0, pseudorapidity η, and initial position along the beamline, z0.

2

Truncation Studies
With the luminosity upgrade, there will also be a greater number of glancing collisions

where protons do not collide head on, but rather glance off of each other. These collisionscalled
“pileup” rarely produce interesting events. Since the Level1 Track Trigger is used to sift
through data to find interesting events, pileup is a potential problem for its performance. The
simplest case to consider is single muon events in which only particle tracks with transverse
momentum greater than 2 GeV and 𝜂 less than 2.5 are considered. In order to test pileup’s effect
on the Track Trigger, efficiency and resolution when running over 10,000 single muon events
with and without pileup were compared:

Figure 2.1: Efficiency Comparison with and without Pileup
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Figure 2.2: Resolution Comparison with and without Pileup

These results were particularly encouraging because the efficiency and resolution of the
Track Trigger did not suffer significantly from the addition of pileup to the single muon events.
Yet, this was only the case in an ideal world in which to store and sort through data. Truncation
refers to the application of realistic limitations on the Track Trigger’s memory, fundamentally
altering its ability to reconstruct particle tracks. In the emulation code, there is a set of truncation
variables which represent these limitations. These variables include Max Stubs Link, Max Layer
Router, Max Disk Router, Max Virtual Module Router, Max Tracklet Engine, Max Tracklet
Calculator, Max Projection Transceiver, Max Projection Router, Max Match Engine, Max Match
Calculator, and Max Fit.
We began testing the effects of truncation by changing each variable individually and
comparing the efficiency and resolution of the Track Trigger with the variable set to 10,000 to
versus 36, which currently appears to be the most feasible value for the planned hardware. At
this value, the efficiency and resolution comparisons showed few observable differences and the
resolutions were so similar that they were uninteresting to consider. To better understand how
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the efficiency was affected by truncation, we made scaled efficiency plots, in which the absolute
efficiency at 36 was divided by the absolute efficiency at 10,000. Of the 11 truncation variables,
we found that Max Stub Link, Max Layer Router, Max Disk Router, and Max Match Calculator
had the greatest effect. This effect is most noticeably dependent on 𝜂, where the scaled efficiency
appears to be independent on all other track parameters (pT, 𝜙0, and z0). For example, the scaled
efficiency for Max Layer Router is only affected for 𝜂 less than 1.5 while the scaled efficiency
for Max Disk Router is only affected for 𝜂 greater than 1.5. In fact, the scaled efficiency for Max
Stub Link is a combination of these effects because there is a onetoone correspondence in stub
storage arrays that are passed from the Input Link (truncated by Max Stub Link) to the Layer and
Disk Routers (truncated by Max Layer Router and Max Disk Router, respectively). Since the
individual variable changes had little to no effect on the efficiency of the Track Trigger, we
found it appropriate to compare the efficiencies and resolutions when all the variables are set to
10,000 to the efficiencies and resolutions when all the variables are set to 36. Again, the
resolutions comparisons revealed very little and the scaled efficiency plot was the simplest way
to observe truncation’s effect on the Track Trigger:

Figure 2.3: Scaled Efficiency for all Truncation Variables set to 36
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The results of this study were also encouraging as the scaled efficiency plot for all the
truncation variables set to 36 was essentially a combination of the small effects from the changes
in the individual variables. While this overall effect is more noticeable, truncation does not
hinder the Track Trigger much. Thus, the real Track Trigger should be capable of handling the
problem of pileup under the realistic conditions of truncation.

3

Bit Studies
In the portion of the track reconstruction in which the stubs are actually fit to a set of

track parameters (otherwise known as the Track Fit module), a linearized chisquared fit is
performed, which makes use of precomputed track derivatives. These track derivatives offer a
correction on the fit made with only the seed pair of stubs. In an ideal world, of course, we would
calculate these derivatives to the highest precision we could so that we could be sure that the fit
is the best it can be. In the actual Track Trigger, however, there are memory considerations such
that we may be limited in the number of bits that can be used to store the derivatives. In this
study, we decreased the number of bits for several of these derivatives in the emulation code to
investigate the effect on resolution.
Variable

Tested Values

Notes

fitrinvbitshift

10, 6, 4, 3, 2, 1

Only affects resolution for pT

fitphi0bitshift

6, 4, 2, 0

Only affects resolution for φ0

fittbitshift

6, 4, 2, 1, 0

Only affects resolution for η

fitz0bitshift

8, 6, 4, 2, 0

Only affects resolution for z0

nbitsalpha

6, 4, 2, 1

Only affects 1.0 < |η| < 2.2, affects resolution for all parameters

Table 3.1: Qualitative Resolution Data for Bit Studies
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As shown in Table 3.1, there are five variables in the code that determine the number of
bits for track derivatives, each of which has an effect on different track parameters. We can then
describe the quality of the resolution in terms of the RootMeanSquared (RMS) value for each
variable. We see that each of the first four variables affects just the one track parameter indicated
in its name, while the last variable, nbitsalpha, affects all four track parameters. For all variables,
the relevant effect is an increase in the RMS, which corresponds to an increase in the width of
the Gaussian, as can be seen in Figure 3.2.

Figure 3.2: Comparing Resolutions for Bit Parameters

The general trend of spreading out can be more or less seen in all cases of the resolution
histograms. Overall, however, it is worth noting that the most noticeable declines in resolution
appear to be those for pT in fitrinvbitshift and nbitsalpha and for z0 in fitz0bitshift. Having
confirmed that the decrease of bit storage for track derivatives degrades the resolution similarly
across the board, we also wanted to look at the dependence of these changes themselves on track
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parameters pT and η. To the end, we split up our pT range into 15 separate bins and split up our
eta range into two sections of |η|<1.1 and |η|>1.1. We found that while the RMS itself may in
some cases depend on pT, it would appear that pT only
really noticeably affects the difference in

the RMS in the case of the pT for nbitsalpha, as shown in Figure 3.3.

Figure 3.3: pT Profile Plot for nbitsalpha

In the case of η, however, we found that both fitrinvbitshift and fitz0bitshift had very
significant differences between high η (>1.1) and low η (<1.1), as can be seen in Figure 3.4. In
both cases, the resolution degradation was much more pronounced in the low η region.
Physically, this corresponds to the barrel region of the detector, meaning that the number of bits
in the track derivatives are likely not as much of a concern in the disks as in the layers.

Figure 3.4: High vs. Low η
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4

Electron Studies
The studies described above focus on limitations in the FPGA implementation, while this

next topic explores some of the problems that appear as a result of the particles being tracked. In
all previous studies, the input events used have been single muon events, with or without pileup.
The muon works very well for tracking purposes, especially when compared to its lighter
counterpart, the electron. Muons do not radiate nearly as much and tend to easily pass through
layers of material. Electrons, on the other hand, are affected by multiple scattering and radiation
via Bremsstrahlung, sometimes losing much of their energy as they move through the detector,
which alters their course and makes tracking more difficult. By running the emulation code over
single electron events, the goal is to better understand the mechanisms of their energy loss in the
detector and improve their track reconstruction in the L1 trigger.
As shown in Figure 4.1, when an electron undergoes Bremsstrahlung, it radiates a photon
and loses some corresponding energy. This energy loss results in a smaller radius of curvature
(and therefore a smaller measured pT), meaning that the its path in the detector will curve more.
If the energy loss is sufficient, the coordinates of the stubs left by the electron in layers following
the radiation will not match the projected stub hits from the earlier layers, which could result in
either the wrong track being constructed or no track being found at all.

Figure 4.1: Sketch of Bremsstrahlung
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Because of the difficulties described above, the criteria used to match electrons was
adjusted so that each simulated electron is matched with just the one reconstructed L1 track that
is closest to it in ΔR = sqrt(Δη2 + Δφ2). This allows analysis based on which types of simulated
electrons are matched. For example, Figure 4.2 shows the fraction of matched L1 tracks that
match to five different categories of electron tracks, which are listed below.

Figure 4.2: Fraction of matched electron tracks in a given category: Simtrack 1 (Sim1), the original electron track in
an event; Primary (inclusive), the original electron track or a track created after Bremsstrahlung; Primary
(exclusive), only the primary tracks that are not the original; NonPrimary, only tracks that do not come from the
original electron; NonSimtrack 1, only tracks that are not the original electron track.

This chart shows that an overwhelming majority of the tracks matched are primary
electron tracks, while nonprimary tracks (typically those resulting from pair production) account
for less than ten percent of the matched tracks. Furthermore, of the primary tracks matched, the
majority of them (just over 65% of total matched tracks) are most closely matched to the original
simulated electron track. This sounds like good news  the tracks that are matching most often to
either the original electron track or at least a track that came from the original  but here it must
be noted that this only accounts for events with reconstructed tracks. Of the 10,000 electron
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events run, only 6935 events actually had enough consistent stubs to have any tracks
reconstructed at all. This puts an overall efficiency cap of about 69% on the electron study, but it
still leaves a few avenues to explore: Of the tracks that are reconstructed, how close are they to
the tracks with which they are matched? What features of the events with no reconstructed tracks
lead them to be lost?
The first question is easy to answer. The resolution plots in Figure 4.3 support the current
picture of electrons in the detector. Note the bias toward negative pT and φ differences, which
means that these parameters are found to be lower for reconstructed tracks than for the actual
simulated particles. This suggests what has already been assumed to be true of electrons  that
the energy lost in Bremsstrahlung causes a significant decrease in the transverse momentum. The
resolution plots for eta and z0 show the typical Gaussian distribution about zero, with a similar
RMS to that of muons.

Figure 4.3: Resolution for ΔR matching of electrons
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Keeping the negative bias of pT resolution in mind, it is also interesting to look at the
triggering potential for pT. In other words, given a simulated particle above a certain pT, what is
the probability that one reconstructs a track that is also above that pT? Shown in Figure 4.4, this
“turnon curve” is a set of simplified efficiency plots that express how low one must set the
minimum pT (called X in figure) in order to find tracks of a certain pT with any kind of reliability.

Figure 4.4: Turnon Curve for Electrons

Electron reconstruction is more of an ongoing study, but there are some promising leads.
The most obvious feature is energy loss, represented in Figure 4.5. We characterize energy loss
here as the fractional loss of pT. There are clearly opposite trends in this plot, which shows that a
large part of the tracks that are not reconstructed are losing most, if not almost all, of their
energy. In fact, over 75% of tracks that are not found have lost more than half of their energy.

Figure 4.5: Fractional Energy Loss for Electrons
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5

Further Studies
Thus far in our research, only the effects of individual changes have been studied. That is

only the effects of pileup and truncation have been studied at the same time. Truncation, bit, and
electron studies have otherwise remained independent. However, in the actual detector, pileup,
truncation, bit shifts, and electrons will all be present. Thus, it is important to begin studying the
combined effects of each of these limits to Track Trigger performance. Furthermore, electron
studies are an ongoing project since their behavior is the least ideal among all charged particles.
Continuing to study electron behavior could prepare us to study the behavior of particles simpler
to understand than electrons but more difficult to understand than muons. Pileup, truncation, and
bit shifts all lower the performance of the Track Trigger with the pileup and truncation primarily
affecting the efficiency and the bit shifts primarily affecting the resolution. One important
ongoing study involves researching the specifics of efficiency loss with pileup and truncation.
Knowing which specific stubs, barrel layers, and disk layers are most negatively affected in these
studies helps us predict which specific parts of the Track Trigger struggle with the mass of
additional data coming from the luminosity upgrades. It is, therefore, important to further
investigate the role of specific stubs in our studies.

6

Conclusion
The emulation code handles pileup with truncation well, with only minor efficiency

losses in a few modules of the trigger algorithm. Resolution was degraded for decreased memory
allocation in the bit study, but within a reasonable amount for realistic values. Electron
reconstruction, as expected, was significantly worse than that of muons, but there are promising
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avenues of exploration for the future. These studies indicate that the Track Trigger should be
reasonably successful at managing each of these problems.
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Abstract
Project GRAND is a large array of 4 pairs of orthogonal proportional wire chambers housed in 64 huts in an 8x8 grid. The geometrical arrangement of the experiment allows for the identification of the type and direction of secondary cosmic rays.
Data from the experiment consisting of the muon counting rate and incident angle
from the past 10 years is used. The incident direction of the particles is transformed
from Cartesian coordinates to celestial (right ascension, declination) coordinates.
This is then used to create a map of muon flux as it is dependent on right ascension
and declination. Further, this is compared to a map of local high energy celestial object to determine whether a correlation exists. This will help to determine whether
or not local high energy stars can serve as stellar cosmic ray sources.

Introduction
Cosmic ray astrophysics investigates high energy particles that move at near the
speed of light through space. Upon hitting the Earth’s atmosphere they break up
to form lower energy particles. Most of these particles are pions. Neutral pions will
decay very quickly into two gamma rays, but charged pions take longer to decay
so they will often interact with other atmospheric particles first, thereby creating a
neutrino and a muon [1]. The gamma rays will go on to create more particles which
will in turn create more particles, resulting in a shower event. However, often times
muons are energetic enough to go through the atmosphere undeflected.
Project GRAND (Gamma Ray Astrophysics at Notre Dame) is located in a
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100m x 100m field to the north of the Notre Dame campus. There are 64 stations
arranged in an 8x8 grid, each housing four pairs of proportional wire chambers
(PWCs) stacked on top of each other.

Proportional Wire Chambers
Each chamber has 80 cells, and each station has a trigger which allows the status
of all of the 640 cells to be stored in local shift register memory. Each of the chambers
is filled with a gas mixture of 80% argon and 20% carbon dioxide. When an incident
particle hits the chamber, an inert gas, in this case argon, is either ionized, or its
electrons are excited to a higher energy state. In this latter case, when the electron
ultimately goes back to its original energy state it releases a photon in the process.
This photon could act to ionize other argon molecules, thus causing the number
of ion pairs to no longer be proportional to the energy of the incident particle.
To solve this problem a quench gas, in this case carbon dioxide, is added to the
gas because of its tendency to absorb photons and to get rid of the effects of this
secondary ionization. PWCs contain an array of anode wires at high voltage which
run through a chamber with conductive walls. At Project GRAND a voltage of
2600V is applied. The electric field produced by the voltage prevents recombination
of the ion pairs. The electrons from the ion pairs travel towards the anode, and as
they get closer they are accelerated by the increasing magnetic field, thereby ionizing
gas molecules in the vicinity whose electrons then ionize other gas molecules. This
is referred to as Townsend avalanche. Proportionality is still maintained because
each electron that was produced by the original ionization of the argon molecule
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by the incident particle produces one discrete Townsend avalanche. The avalanches
produce a voltage drop, and the magnitude of this drop can be used to determine
the number of incident particles.[2]

Figure 1: Townshend Avalanche in a Proportional Counter [3]

The first plane of the first three pairs have wires that from from East to West,
and is therefore used to determine the y-z incident angle. The bottom three have
wires that run from North to South, and so they are used to determine the x-z
incident angle. Above the final pair of PWCs there is a 50mm steel absorber plate
to determine whether or not the incident particle is a muon or an electron. If the
particle is not shown on the last pair of PWCs but is present in the top three pairs,
then it was either absorbed or deflected by the steel plate. With 96% accuracy the
particle will be an electron, and otherwise it will be a muon.

Horizon to Celestial Coordinates System
When the muon hits the proportional wire chambers, the wires which the particle
hits is recorded. Since the spacing between wires and between chambers is known,
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the wire numbers can be used to determine the x- and y- projection of the particle.
North correlates to x-axis, and East correlates to the y-axis. Using these projection
values the vector of the muon’s incidence path can be calculated.

Figure 2: Diagram of the Horizon Coordinate System. [4]

Using this the angle between the muon’s path and North can be determined,
which is called the azimuth.

"

tx
Azimuth = asin √ 2
tx + ty 2

#

(1)

The angle between the horizon plane and the height of the vector can also be
determined to obtain the altitude of the muon.

"q
#
π
2
2
Altitude = − atan tx + ty
2

(2)

Since the longitude and latitude, and therefore the altitude and azimuth, of a
star are constantly changing a change of coordinate system is needed in order for
the location of celestial bodies to be universally determined.
Latitude in celestial coordinates is analogous to declination. This is the angular
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Figure 3: Diagram of the celestial sphere depicting right ascension and declination.
[5]
distance between the celestial equator and the meridian on which the star is located.

"

#

Declination = asin [sin(alt) ∗ sin(lat)] + [cos(alt) ∗ cos(lat) ∗ cos(azir))

(3)

The longitude analogue is the local hour angle. This is the angular distance
between the observer’s meridian and the hour circle on which the star is located.

"

#

sin(alt) − sin(lat) ∗ sin(dec)
Hour Angle = acos
]
cos(lat) ∗ cos(dec)

(4)

Sidereal time is time measured with respect to the stars rather than the sun.
From a given point of observation on the Earth an object located at a certain
position in sidereal time will be in the same location at that particular time the
next day. A mean sidereal day is 23 hours, 56 minutes, 4.0916 seconds. If you look
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out and see a star at a particular location, in about 23 hours and 56 minutes the
star will be in the same location. This is contrasted with solar time, which is four
minutes longer. Each solar day from the perspective of an observer on Earth the sun
will be in the same position as it was the solar day before. Several factors determine
the actual time it takes for the star to be in the same position. These include the
precession and nutation of the Earth.
The sidereal day has been determined to be at time 00:00:00 at the vernal
equinox, which is when, on the celestial sphere, the celestial equator (Earth’s projected equator) meets the ecliptic plane (plane of Earth’s orbit around the Sun).
The Greenwich mean sidereal time (GMST) is equal to the angle (in hours)
between the Greenwich and the vernal equinox. GMST is to sidereal time what UT1
is to solar time. About 1.002737909 seconds of mean sidereal time is equivalent to
1 second of UT1. The local solar time is dependent on the time zone where hours
are added or subtracted, but the Greenwich local sidereal time is determined by the
observer’s longitude:

GLST = GM ST − longitude

(5)

The right ascension is the angle between the vernal equinox meridian and the
hour circle where the star is located. Therefore the right ascension can be obtained
by:

Right Ascension = GLST − HourAngle

(6)

The right ascension is solely dependent on where the vernal equinox occurred
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and where the star is. It is independent of the Earth’s rotation and the position of
the observer, which is the desired result.

Figure 4: A star’s LHA as seen from an observer in New York City, along with the
GMST which are both used to determine the right ascension of the star. [5]

Muon Dependence on Right Ascension and
Declination
As seen in the figure 5, the right ascension for its range from 0◦ to 360◦ is relatively
flat, which we would expect. In the span of 24 hours the probability of having a
muon hit the detector at a particular right ascension should be equal. The dip can
be attributed to slight experimental error, but it is mostly the result of roundoff
error associated with plotting the data in bins.
The declination has a range from 0◦ to 110◦ and is peaked roughly at 40◦ . This
is because project GRAND is located at 42◦ N latitude, and declination is analogous
to latitude with no sidereal time corrections. At all other angles the muons have to
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Figure 5: Right ascension and declination distribution for a day’s worth of data.
travel through more of the atmosphere to get to the detectors, so there is more of a
chance for deflection.

Future Work
Previous work can be used to determine what the expected muon behavior is
for each right ascension and declination. From this, anomalous muon flux can be
searched for to determine possible celestial cosmic ray sources.
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Abstract
One of the major goals of NASA’s WFIRST mission is to directly image nearby exoplanets
orbiting other stars. However a “blind” survey of targets, that does not take into account
prior information on the presence of planets from previous observations, may image fewer
planets than an equivalent survey informed from years of precise radial velocity (RV) measurements. iLocater is an ultra-precise spectrograph being built at the University of Notre
Dame for the Large Binocular Telescope that will carry out RV measurements leading up to
the launch of WFIRST. The goal of this project is to determine how a RV survey of nearby
stars might influence the planet detection yield of a space-based direct imaging mission.
To this end, we have written a statistical computer program that simulates an RV survey
using the iLocater spectrograph to study target selection strategies for NASA’s WFIRST
mission.

Introduction
Although there are thousands of confirmed exoplanets, few have ever been directly imaged
[1]. Our only knowledge of them relies on indirect measurements such as the velocities of
their host stars or the effect of transits on their stars’ light curves. While such observations
can provide constraints on mass and radius, it provides little information on planet composition. Direct images and planet spectra can provide information on planet composition
through spectroscopy to improve our understanding of planet formation models and give
us a clearer idea of planetary population demographics. The Wide Field Infrared Survey
Telescope (WFIRST) mission is set to launch in the mid-2020s will attempt to directly image exoplanets with a coronagraph with the eventual goal of directly studying Earth-like
exoplanets [2].
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However, with limited observing time and fuel resources, it is crucial to maximize the a priori
information for each target well ahead of the mission. A new instrument called iLocater,
being developed at the University of Notre Dame, is an ultra-precise spectrograph that will
be installed on the Large Binocular Telescope (LBT) in Arizona [3]. It is the first diffraction
limited infrared spectrometer designed to measure precise radial velocities. iLocater will be
well suited to carry out a RV survey prior to the launch of WFIRST. iLocater will help with
the preselection of targets for WFIRST based on the presence of RV accelerations similarly
to the TRENDS program of Crepp et al. 2016 [4].
The goal of this project is to produce a comprehensive simulation of an iLocater RV survey
of nearby stars to asses the prospects for identifying high-priority targets for the WFIRST
direct imaging mission. We simulate planets using observed distributions around stars using
the SPOCS input catalog. Observing time constraints are applied by assumed weather
losses and pseudo randomized allocations of telescope time. Observations are simulated at
randomized times based on diurnal and seasonal observability.

RV Simulation Strategy
Catalogue
We use the Spectroscopic Properties of Cool Stars (SPOCS) catalogue downloaded from the
VizieR archives [5]. Constraints required were a distance, d, of less than or equal to 25 pc
for direct imaging purposes, to select only nearby stars, as well as reliable measurements
of RA, Dec, Vmag, Approximate Mass, Tef f , log(g), [Fe/H], and Vsini. Following target
selection, our input star catalogue contained a total of 312 stars, the properties of which are
summarized in Figure 1.
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Figure 1: Properties of Catalogue Stars

Setting Planet Properties
Based on the simulations of Crepp & Johnson 2011, the planet properties were set to fit
observed distributions in mass and orbital parameters [6]. The probability of a star hosting
a planet is dependent on stellar metallicity and mass is given by the distribution: P =
0.07(M∗ )101.2[F e/H] [7]. Orbit inclination, I, scales as:
by the distribution:

dNp
de

dNp
di

∝ sin I [8]. Eccentricity was set

= 1 − e, based on the statistics for exoplanets with greater than 10

day orbital periods in Johnson 2009 [9]. Semimajor axis scaled according to:

dNp
da

∝ a0 from

Crepp & Johnson 2011 [6] based on various models from Schraf & Menou 2009 [10], Veras et
al. 2009 [11], Boley 2009 [12], and Kratter et al. 2010 [13]. Where the maximum semimajor

 49
M∗
axis determined by a dependence on stellar mass in the relationship: amax = 2.5M
ã [14].
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With a maximum extent of core accretion: ã = 35 AU [15]. Planet mass is given by the
distribution

dNp
dmp

∝ m−1.4
with a mass, m, such that 0.5MJup ≤ m ≤ 15MJup [9]. Individual
p

planets were randomized with probabilities that follow each above distribution. An example
from an individual run of simulated planet properties can be seen in Figure 2.

Figure 2: Properties of Generated Planets (single run)

Survey Parameters
To determine the number of possible observations, a program duration of 3 years is assumed.
Weather losses are assumed to be ∼30% of all available nights at the LBT excluding the
months of July and August during which the telescope is usually shutdown due to monsoon
season in Eastern Arizona. The amount of overall telescope time averages to around 15%
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and is rounded down to whole nights. A nominal integration time of 1 hour is assumed with
8 hours of observations per night. However, for bright stars, it is feasible to have shorter
integration times.
Surveys are conducted in one of two observation scheduling types. Survey Type 1 focuses
on small number of targets (50 stars). Survey Type 2 has a set number of observations (10
observations) but observes as many stars as possible. The minimum number of observation
times for survey Type 2 is reflective of the minimum number required for exoplanet detection
based on empirical data [16]. Once the number of observations per target is calculated, the
measurements are assigned over the length of the program duration.
To assign simulated observation times for these targets, we first determined observability
over the course of the program duration. Observations were carried out only at nighttime
and when the target was more than 30◦ in altitude as viewed from the LBT. For each target,
individual observation times were at least one hour apart.

Theoretical Radial Velocity Calculations
To calculate the theoretical RV curves for simulated exoplanets it is necessary to solve
Kepler’s equations for observation times over the length of the program duration. Equations
1, 2 and 3 are adapted from Solar System Dynamics, Murray and Dermott 1999, [17]. We
begin by solving for the mean angular motion of the simulated planet:

p

G(Mp + M∗ )
a3

n=

(1)

Next we solve for the initial mean eccentric anomaly, E0 , from the initial true anomaly
f0 :
tan

f 
2

r
=

E 
1+e
∗ tan
1−e
2
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(2)

Next we solve for the closest time of pericenter passage, τ :

E − e sin(E) = n(t + τ )

(3)

Using equation 3, if the target is in the first half of its orbit (0 < f0 ≤ π), τ represents the
pericenter passage before the simulation start. If the target is in the second half of its orbit
(π < f0 ≤ 2π), τ represents the next pericenter passage after the simulation start. Equation
3 is used to iteratively solve for the mean eccentric anomaly, E, which in turn allows us to
solve for the true anomaly, f, at the time of observation. The semiamplitude, K , in meters
per second of the RV curve is given by [18]:

28.4329 Mp sin I  Mp + M∗ − 12  a − 12
K=√
M
AU
1 − e2 MJup

(4)

Finally the RV of the star can be calculated from equation 5, for the true anomaly at that
time and known eccentricity and argument of pericenter, ω [18].

v = K[cos (ω + f ) + e cos ω]

(5)

Theoretical RVs are calculated using uniform points over the program duration as well as at
individual randomized observation times for each target. The RVs at observation times are
later used as the basis for simulations of measured RVs for an iLocater RV survey.

Measured Radial Velocity Calculations
We model instrument uncertainties using gaussian distributed errors to perturb theoretical
RVs. For each observation time of each target, an uncertainty is computed on the simulated
measurement. This error is a combination of systematic uncertainty set to 0.4 m/s and a photometric uncertainty added in quadrature. The photon noise uncertainty is determined from

90

a randomized gaussian distribution of with an assumed characteristic width of 0.1, however,
in future developments, this simulation will be made more specific to iLocater with uncertainty models based on experimental data of instrument capabilities. Simulated measured
RVs are calculated from a gaussian distributed uncertainty on theoretical RVs.

Example Results
Figure 3 shows two such example simulation results showing theory RVs and simulated
measurements with uncertainty error bars. The simulation outputs are also written to text
files for each observation target to be used in future steps of the project to determine observed
orbits. These observed orbits will, in turn, be used to simulate a high-contrast direct imaging
mission with WFIRST.

Figure 3: Example simulation outputs: RV plots for two stars. The star on the right has a
planet simulated and the star on the left does not.
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Summary
We have developed a suite of numerical tools to simulate a precise radial velocity survey
with a new spectrograph, iLocater. Future refinements to our RV survey simulation code
will include more precise models of photometric and systematic measurement precision based
on stellar properties, as well as the inclusion of stellar jitter models to more accurately model
the expected RV uncertainty of a survey conducted with iLocater. Once complete, the results
of our survey code will be processed to produce a list of possible orbits for each observed
target based only on simulated measurements. This orbital list will be used to inform priority
targets for a simulation of the WFIRST direct imaging survey based on the simulations of
Stark et al. 2016 [19]. This last step of the project will determine how an RV survey to
determine high-priority targets for the WFIRST mission will influence the planet detection
yield of WFIRST.
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Abstract
The field of plasma medicine shows a new promise in the future of cancer treatment because
plasma has been shown to selectively damage DNA in cancer cells over normal cells. Different
forms of plasma devices can be used to treat the DNA, but the atmospheric pressure plasma jet
(APPJ) is advantageous for future biomedical applications because it can be operated in ambient
conditions and is able to treat irregularly shaped surfaces. The mechanism by which the plasma
induces DNA damage is still unknown, but reactive oxygen species (ROS) and reactive nitrogen
species (RNS) within the plasma are thought to contribute in a major way to DNA damage.
When an APPJ is used, some of these reactive species diffuse into the surrounding atmosphere
and air species from the surrounding atmosphere also mix in with the plasma. Using a shielding
gas around the jet helps keep the reactive species in the plasma and the air species out. Using a
different type of shielding gas also controls the type of reactive species that are in the plasma due
to mixing of the shielding gas and the plasma. In this experiment, the flow rate and type of
shielding gas used were varied using helium, air, and oxygen with flow rates of 2, 4, and 6 slm to
investigate how these parameters affected the amount damage to Escherichia coli DNA induced
by a helium APPJ. Oxygen and nitrogen shielding were both most effective at 2 slm, while
helium shielding led to the most damage at a flow rate of 4 slm. Future studies will attempt to
more accurately replicate the human cancer situation by being performed on cells. To prepare for
these studies, the amount of evaporation due to the plasma was measured to ensure the cells
would have enough liquid in their environment to survive.
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Introduction
Plasma has been used in medicine in the past, but it recently has come of interest due to
its potential as a form of cancer treatment. There are many different forms of plasma that can be
used to treat DNA, but the atmospheric pressure plasma jet (APPJ) is advantageous because it
can be operated in ambient air conditions. This is ideal for future biomedical applications
because it is a cold plasma that will not use resources to be heated or cause thermal damage to
the tissue it would be treating. Through the use of APPJs and other various forms, plasma has
been shown to damage DNA and selectively target cancer cells more than normal cells [1]. This
has created a field dedicated to finding various plasma parameters that will increase DNA
damage. While it is well known that plasma can induce DNA damage, the mechanism by which
the damage is induced is still largely unknown. This mechanism is not simple to determine due
to the fact that plasma is full of many components including free radicals, electrons, and photons.
Plasma also contains reactive oxygen species (ROS) and reactive nitrogen species (RNS) which
are thought to play a major role in damaging DNA [2]. With the goal of increasing DNA
damage, it is important to try to maximize the amount of these reactive species that the plasma
brings into contact with the DNA. The reactive species within the jet are dependent on the jet
surroundings. Reactive species diffuse into the surrounding air and nitrogen or oxygen from the
air may diffuse into the plasma. By using a shielding gas, the reactive species can be kept in the
plasma. Using different shielding gases can be used to control the type of reactive species in the
plasma. Studying the differences in the amount of DNA damage corresponding to these
parameters may help to elucidate the mechanism by which plasma causes DNA damage. This
field continues to press forward with new experiments using cells becoming more common and
some evaporation tests must be done to prepare for these future experiments.
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Experimental Setup
A gas cylinder of ultra-high purity helium is connected to a plastic tube and the gas flows
through the tube at a flow rate of 2 standard liters per minute (slm). This tube is connected to two
brass electrodes as shown in Figure 1. The top electrode is grounded while the bottom one is
connected to a high voltage transformer. This transformer is connected to a high voltage power
supply, oscilloscope and waveform generator. The plasma is ignited between the 2 electrodes
with a pulser sending pulses every 10 microseconds using a voltage of 10.8 kV. To the human eye,
the plasma appears to be a single stream, but it is actually a consecutive flow of plasma bullets
from each pulse.
In order to use a shielding gas, a
glass mixing chamber was placed around
the bottom electrode with two glass tubes
connected to either side so that the
Figure 1: Helium gas flows through the top tube and is
ignited into plasma by the electric field between the
ground (top) and high voltage (bottom) electrodes. The
shielding gas enters from the tubes on both sides and
enters tangent to the circular chamber so that the gas
swirls through the mixing chamber.

shielding gas enters on both sides. These
tubes enter tangent to the chamber so that
the gas swirls in a circular motion around
the chamber and is turbulent as it exits
the chamber. Oxygen, air and helium

were all used as shielding gases at flow rates of 2, 4, and 6 slm. The plasma was also tested with
no shielding gas used.
In order to treat DNA samples with the plasma, DNA was extracted from Escherichia
coli (E. coli) and diluted using deionized water so that the concentration of DNA was 100
nanograms (ng) of DNA per 15 microliter sample. It is important to use deionized water because
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the iron ions in tap water would damage the DNA so the plasma damage effects would be
indistinguishable. The concentration of DNA is also important; if there was too high of a
concentration of DNA in the sample, the DNA would form layers within the sample. The DNA
in the first layer acts as a shield to the others so that the plasma is only able to reach the first
layer, thus leaving an unproportioned amount of DNA undamaged.
When ready for plasma treatment, the DNA samples were put into a glass dish with a
height of 4.5 mm and an inner diameter of 9.9 mm. The glass orifice from which the plasma jet
emerges was set to be 10 mm above the top of this glass dish. Each sample was exposed to the
plasma for 1 minute before DNA was removed using 15 microliters of phosphate buffer saline
(PBS). For the evaporation data, deionized water instead of diluted DNA was placed into the
same glass dishes.
To analyze the amount of damage done to the DNA, the technique of gel electrophoresis
with 0.8% agarose gel was used. The gel was prepared with 480 mg of agarose and 60 mL of 1x
Tris-Borate-EDTA (TBE) and was heated. 3 microliters of SYBR Green I Nucleic Acid Stain
were added to the gel mixture when it cooled below 60°C. This SYBR Green is critical in
making the DNA fluoresce so it can be seen in images taken later. After creating the mixture, the
gel set for 40 minutes with a slit maker that created wells for the DNA. Following this, a DNA
loading buffer was added to the DNA samples to weigh them down in the gel. Once loaded into
the wells, the gel was electrophoresed with a voltage of 70 V and a current of 400 mA for 180
minutes. Since DNA is a negatively charged particle, it travelled to the positive end of the
electric field. Different orientations of DNA molecules can travel at different speeds through the
gel and this is how the damage level was determined. DNA is normally supercoiled and able to
travel quickly through the gel. If a single strand of the DNA double helix is broken (SSB), it
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becomes circular and travels much slower through the gel. The DNA used is 2686 nucleobases
long, and if there are 2 strand breaks within 10 nucleobases, it is referred to as a double strand
break (DSB). If 2 strands are broken, it is a linear molecule and travels at a speed between the
undamaged and SSB DNA. This leads to 3 distinct bands of DNA that show up when the gel is
imaged, as shown in Figure 2. The gel is imaged using UV light in a Biorad imager (Molecular
imager Gel Doc XR+System). Quantity One software was used to determine the proportions of
DNA that was undamaged and damaged (single strand and double strand breaks) by analyzing
the intensity of the band colors. Matlab was used to complete the analysis.
Figure 2. This is a gel image taken using the
Molecular Imager Gel Doc XR+System. Each
row of bands corresponds to one trial of
exposure to plasma. The DNA starts in wells on
the right and travels to the left. As labeled, the
undamaged (supercoiled) DNA is the left most
since it travels the fastest and therefore the
farthest in 3 hours. The next band corresponds
to DSB (linear) and the following corresponds
to SSB (circular). The top 2 trials of this gel are
control samples and are mainly undamaged
while the bottom 6 were treated by plasma
and therefore show much more damage.

Results and Discussion
Damaged DNA was classified as either a single strand break (SSB) or a double strand
break (DSB). Both types of break are considered to be damage but DSB are much harder for the
cell to repair so those were of interest since it is desirable that the cancer cells treated cannot
repair the damage. Figure 3 shows the proportion of damage that was recorded with the use of 3
shielding gases, oxygen, air and helium. In all 3 cases, there is the least amount of damage when
the shielding gas rate is flowing at 6 slm. During each of these trials, the jet was photographed
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and when the shielding gas was flowing at a rate of 6 slm for air and oxygen the jet could not
reach the sample. This indicates that damage increases when the jet is closer
to or touches the sample. However, the helium-shielded jet reached the

Figure 2a. Oxygen shielding gas

Figure 2b. Air Shielding Gas

Figure 2c. Helium Shielding Gas

sample at a flow rate of 6
slm but was wide and not focused. It is clear that when the flow rate is 6 slm, the least amount of
damage occurs, but it is also clear that using the shielding gas induces more damage than when
one is not used. The flow rate at which the level of damage is maximized is gas dependent. Air
and oxygen shielded plasma create the most damage at a flow rate of 2 slm but helium is most
effective in causing damage at 4 slm.
Now that it has been shown that shielding gas use does increase DNA damage under
certain conditions, the next step in these experiments is to use cells as the treated samples. Cells
are much more complex than the plasmid DNA used now. Without enough liquid in their
environment, these cells may die for 2 reasons. First, the cell has a membrane with pores that
allow water to diffuse into and out of the cell and it likes to be in equilibrium. When the liquid
around the cell evaporates from plasma exposure, water from inside the cell rushes out of the cell
to bring it back to equilibrium but if the cell does not have enough water inside it will shrivel up
and die. The liquid environment also supports some of the proteins in the medium that could not
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thrive if it was dry. Whenever a sample is treated by the plasma, there is some evaporation. This
does not affect DNA alone but it can have a large impact on cells as previously stated. The
results show that less than 50% of the treated volume was evaporated whenever it was exposed
to the plasma. Helium shielding induced the most evaporation. This result is as expected because
the helium shielded jet was much larger than the other two. Figure 4 shows the evaporation rate
of each gas at each flow rate.

Percent of Evaporation

Figure 4. This
shows the
evaporation rate
of samples
exposed to the
helium APPJ for 1
minute with
different flow
rates and
shielding gases.

s

Shielding Gas Flow Rate (slm)

Conclusions
The goal of this experiment was to observe how using a shielding gas around a
helium APPJ affected the amount of damage caused to DNA. Even without the shielding
gas, the amount of SSB was rather high so the amount of SSB does not change
significantly with the addition of a shielding gas but the amount of DSB increased with
the shielding gases. Oxygen and air shielded plasma had the highest amount of damage
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when they were flowed at a rate of 2 slm. However, for helium the most effective
shielding gas flow rate was 4 slm.
Looking at the amount of DSB increases for each shielding gas can help in
understanding the DNA damaging mechanism of plasma. The oxygen shield was
expected to enable the creation of more oxygen species that would damage DNA but
from Figure 2 it is easy to see that the amount of damage hardly changes from the use of
a shielding gas. This may indicate that reactive oxygen species play a limited role in
inducing damage from this helium jet. However, there was a significant increase in DSB
when air shielding gas was used at a low flow rate. This air is different than the typical
surrounding atmosphere because it is dry. This experiment suggests that the lack of
humidity in the surroundings of dry air shielding enabled more damage. The helium jet
was the largest in size and seems to indicate that using the same main and shielding gas
increases the amount of mixing that happens in the chamber. The air and oxygen results
contradict the initial expectations that more humidity and more oxygen would increase
the amount of DNA damage.
The evaporation observed from plasma exposure was below 50%, indicating that
future cell experiments could be carried out without the cells drying up. This is important
for future experiments to be carried out.
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Abstract
Ab initio no-core configuration interaction (NCCI) calculations attempt to describe the
structure of nuclei using realistic internucleon interactions. However, we can only describe these
many-body systems within the limits of our computational power. As the number of nucleons increases, the calculations require more memory and processing power to reach convergence. Being
able to accelerate convergence is crucial in extending the reach of NCCI calculations. Convergence can be obtained through a change of basis, for which we need to compute the overlaps of
the radial functions for the new basis with those for the old basis. A large number of overlaps
must be computed in order to accurately transform the many-body problem. Using alternative
bases also requires the calculation of the one-body matrix elements for operators such as r2 and
p2 in the new basis. We report a computer code that uses cubic spline interpolation to compute
radial overlaps and radial integrals. This code facilitates using new bases to accelerate the convergence of NCCI calculations.
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1

Introduction
The no-core-shell model was developed as a non-perturbative approach to exactly solve

nucleon-nucleon (NN) and NN + three-nucleon (NNN) interactions[2]. These interactions require
a description of complex many-body quantum systems. In a complete basis we can solve the system completely, However in practice we are bottle-necked by our computational power.Traditionally
the harmonic oscillator (HO) functions would serve as the basis for NCCI calculations. However, it is known that the falloff of Gaussian functions at large r does not accurately describe the
asymptotic features of nuclear wave functions[1]. A change of basis to the Laguerre functions instead of the HO wave functions yields an accurate description of the exponential falloff in nuclear
wave functions[1]. In order to complete a change of basis we must transform the matrix elements
from the previous basis and the new basis. The transformation requires us to build the new basis
as a sum of terms related to the HO basis. Computationally this sum must be truncated in order
to be used. The transformation of the matrix elements* requires the computation of radial overlaps between the bases and radial integrals. We computed the radial overlaps and integrals using
a simple change of variable and cubic spline interpolation. This method allowed us to efficiently
control the accuracy and speed of our calculations. The C++ package we have developed and a
detailed guide is readily available for use (see Appendix 5.3).

2
2.1

Methods
Matrix Elements for NCCI calculations
To perform NCCI calculations we need two-body matrix elements of kinematic operators

which are built from one-body matrix elements. These matrix elements are given by (1)
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Z

∞

hRnl |O|Sñl i =

drRnl (bHO ; r) × O × Sñl (bl ; r)

(1)

0

where O = r, r2 , p, p2

2.2

Transformation of Matrix Elements
Following the process outlined in [1] (Section III: C) We see that we need the overlaps be-

tween each basis, to complete the change of basis. The radial overlaps are given by
Z
hRnl |Sñl i =

∞

drRnl (bHO ; r)Sñl (bl ; r)

(2)

0

When summing over all the terms to transform the matrix elements, many overlaps are needed.
This means computing thousands of radial integrals. Thus we needed an effective method of approximating each overlap.

2.3

Computing Radial Overlaps and Integrals
We had two priorities when choosing a method of computing our improper integrals: speed

and accuracy. Conventional methods such as simpson’s method or the rectangle method can be
fast but is usually lacking in accuracy. These priorities lead us to cubic splines. A method of using a piecewise cubic functions to describe the entire function (see Appendix 5.2). Now we can
simply spline the integrand and do a trivial power rule integration to approximate the integral..
However, one key detail is that it is an improper integral. Our solution is a simple change of variable to shift the bounds of integration to a numerical domain(see Appendix 5.1).

107

3
3.1

Discussion
Accuracy and Time
The largest factor in deciding our method of integration was accuracy, However this comes

at the cost of time. Cubic spline interpolation brings the best of both worlds. Figure 1 shows us
how accurate CSI can be with a few thousand data points. Figure 1 plots the error of the CSI
integral, it fluctuates roughly between ±1 of the correct value until the Integral converges to the
correct value at N = 3000.

Z
Figure 1: Convergence of

∞

S50 32 (r)S47 32 (r) dr as a Function of Data Points
0

Although this is a volatile integral (n = 50 and n0 = 47), CSI is able to obtain an answer within
±10−12 of the correct result. The only problem is that time is a linear function of data points,
meaning if we increase N 10 fold, then calculation time increases 10 fold. However a N = 3000 integral takes less than a second. Thankfully we only had to compute a couple thousand integrals,
this allowed us to be as accurate as possible within an hour.
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3.2

General Integration
We designed the cubic spline interpolation code to be completely general, this means that

you can use it simply as an integral approximator. All that is required is to have numerical bounds
of integration and a computational integrand. Thus anyone who needs thousands of integrals
computed accurately within a reasonable amount of time can do so, just by accessing the code.

4
4.1

Appendix
Change of Variable
If we did not translate the integral to finite bounds than we would have to truncate our

integral because it extends to infinity. Doing such creates a risk of losing information.
lim f (x) = 0

x→0

and

lim f (x) = 1

x→∞

(3)

The change of variable we choose is shown in equation 1. The transformation of the integral is
shown by equation 2 and 3.
z=

r
r+1

or equivalently

Z

∞

Z
f (r)dr =

0

4.2

z
1−z

dz
(1 − z)2

T hen dr =
Y ielding

r=

0

1

z
1
f(
)dz
(1 − z)2 1 − z

(4)
(5)
(6)

Cubic Spline Interpolation
If we are given a set of n + 1 data points, [xi , yi ] for i = 0,1,2 ... n we can represent each

interval [xi , xi+1 ] with a cubic, for example
Si (x) = ai (x − xi )3 + bi (x − xi )2 + ci (x − xi ) + di
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(7)

With n intervals and 4 coefficients on each interval we get 4n conditions. The first condition we
impose on each interval is
Si00 (xi ) = yi

and

00
Si+1
(xx+1 ) = yi+1

(8)

This only gives us 2n conditions. So we require the first and second derivatives at each point to
be continuous.
0
Si−1
(xi−1 ) = Si0 (xi )

and

00
Si−1
(xi−1 ) = Si00 (xi )

(9)

These constraints only generate a total 2n - 2 conditions. Thus, we are left with 4n - 2 conditions. The two conditions left are to be imposed at the endpoints. There are several different options but for our calculations we choose to have
S000 (x) = 0

and

00
Sn−1
(x) = 0

(10)

Finally we have all the linear equations we need to solve the system. From here the system is easily solved as a matrix problem.

4.3

Obtaining the Code
You are always welcome to email me at floresab@msu.edu to obtain the source code and

the detailed guide directly. However, I have set up a dropbox. Link to DropBox containing files
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1

Abstract

Metal-poor stars are stellar fossils located primarily in the halo system (inner- and outer halo) of
the Milky Way and they are used to trace back in time the formation and chemical evolution of our
Galaxy. In this report, we investigate the kinematics and orbital properties of 655 metal-poor stars
in the halo systems of the Milky Way with high resolution spectroscopy available and assembled
from the literature. The sample contains 201 Carbon Enhanced Metal Poor Stars (CEMP), and 47
carbon intermediate metal poor stars (CIMP), defined as [C/F e] ≥ 0.7 and 0.5 ≤ [C/F e] < 0.7,
respectively. Their absolute carbon abundances, A(C) = log10(NC/NH) + 12, is used as a criterion
to classify the stars in CEMP-no (A(C) ≤ 7.1) and CEMP-s (A(C) > 7.1) subclasses. Kinematic
and dynamic parameters are derived by combining radial velocities, proper motions and distances,
and adopting a Galactic potential of Stackel form. Inner- and outer membership for each star are
assigned by using the total energy (E) and the apo-galactic distance (rapo) by following the criteria
reported in Carollo et al.2014. Preliminary results shows that the fraction of CEMP-no and CEMPs differs in both halo components: in the inner-halo we find 54% CEMP-no stars and 46% CEMP-s
stars, while in the outer halo the fractions are 55% of CEMP-no and 45%of CEMP-s.

2

Introduction

2.1

Metal-poor Stars

Metal-poor stars in our Galaxy provide information on the chemo-dynamical history of the Milky
Way. In astronomy ”metals” are all the elements heavier that hydrogen and helium (primordial
elements created during the Big Bang nucleosynthesis), and metallicity is defined as: [A/B] ≡
log10(NA/NB)star − log10(NA/NB)sun where NA and NB refer to the numbers of atoms of elements A
and B. Stars with metallicity [Fe/H] < −1.0 are considered metal-poor ( Beers et al.2005) and they
contain information on the primordial clouds in which they formed when the Universe was an
infant, as well as on the assembling history of the Galaxy.

An important category of metal poor stars are the so-called carbon-enhanced metal-poor
(CEMP) stars. Stars are considered CEMP when they are metal poor and their carbon abun-
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dance, [C/F e], is greater than +0.7. Recently it has been introduced another parameter that
define the CEMP status of a star, the absolute carbon abundances, which is defined as A(C) ≡
log10 (NC /NH )star + 12.
CEMP stars can be divided in classes, and the two most important ones are the CEMP-s and
CEMP-no stars. CEMP-s stars exhibit over-abundance of slow-neutron-capture-process elements,
such as Barium, while CEMP-no stars do not show overabundance of neutron-capture-elements.
Detailed definitions can be found in table 1 ofBeers et al.2005. It is not clear how such metal poor
stars got the carbon. The two most likely scenarios predict that the CEMP-s stars formed in a
binary system where the primary star had intermediate mass and, during its evolution, produced
a large amount of carbon (AGB phase). This material was transferred to the secondary stars
through mass-transfer and this is the star that we observe today. In case of the CEMP-no, the
progenitor could have been a faint supernova or a massive fast rotating star (see Carollo et al.
2014 and reference therein).
Table 1: Definitions CEMP Stars
Acronyms
CEMP
CEMP-s/rs
CEMP-no

2.2

Definitions
[C/Fe]≥+0.7
[C/Fe]≥+0.7 and [Ba/Fe]≥+1.0 [C/Fe]≥+0.7 and A(C)> 7.1
[C/Fe]≥+ 0.7 and [Ba/Fe]≤0.0 [C/Fe]≥+0.7 and A(C) ≤ 7.1

The Milky Way and Its Halo System

The Milky Way is a large spiral galaxy and consists of a central bulge, the thin disk, the thick
disk, inner- and outer-halo components and the interstellar medium. Observations show that the
majority of the metal-poor stars are located in the halo system, which is the oldest component
of the Galaxy.
Recent investigations have demonstrated that the halo consists of (at least) two components,
the inner halo and the outer halo ( Carollo et al.2007, Carollo et al.2010). The two components
show different spatial distribution, chemical composition, kinematics and orbital properties. The
metallicity distribution function of the halo system is bi-modal ([F e/H]peak−inner ≈ −1.6 and
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[F e/H]peak−outer ≈ −2.2). Inner-halo possesses high eccentric orbits, while the eccentricity distribution of the outer-halo component is more uniform. In addition, the inner-halo component is, on
average, non rotating, while the outer-halo components exhibit a retrograde rotational velocity
(opposite to the rotational direction of the Galaxy).
Another important chemical distinction between inner- and outer halo is in the fraction of CEMP stars. Observations show that the fraction of CEMP stars in the outer halo is almost twice
with respect the inner-halo and this can be a population driven effect, i.e. the presence of the
outer stellar halo stellar population ( Carollo et al.2012). In a very recent investigation, Carollo
et al.2014 showed that the inner halo exhibits a higher number of CEMP-s stars than CEMP-no
stars, while in the outer halo the trend is opposite, and the number of CEMP-no is much higher
than the number of CEMP-s.
The different properties of the inner- and outer halo components suggest that they had a different astrophysical origin. In the context of the hierarchical model of galaxy formation (LCDM)
the inner halo was formed through dissipational merging and accretion of massive sub-galactic
fragments (large content of gas), while the outer halo was formed through the accretion of small
mass and low content of gas sub-galactic fragments in an existing dark matter halo ( Carollo et
al.2016 and reference therein).

3

Description of Data

Our data was assembled from literatures and they are described in Yoon et al.2016. The sample
comprises 1023 stars with high resolution spectroscopy available, that allows to obtain the abundance of slow neutron capture process elements (Barium) and assign a very accurate classification
of the stars in the CEMP-s and CEMP-no classes.
In order to determine the kinematical and dynamical properties of the stars in the sample we had
to retrieve the fundamental observational parameters such as proper motions ad radial velocities.
Proper motions were mostly acquired by using CDS X-match service to cross-match our data with
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UCAC4, PPMXL, and USNO-B1.0 catalogues, and Yale/San Juan SPM4 Catalog in GAVO.
Radial velocities were mainly taken from the literatures. Stars for which radial velocities were
not reported in the literature were gathered from the SAGA (Stellar Abundances for Galactic
Archaeology) and Simbad database.
Distances were assigned by making use of the surface gravity estimates for each stars in order to
classify them as dwarfs, main-sequence turnoff stars, or giants, then using the V magnitudes and
adopted E(B-V) reddening to apply the procedures described by Beers et al. ( 2012 and references
therein). The method used in such procedures is based on a set of absolute magnitude relationships calibrated to Galactic globular and open clusters, as described by Beers et al. ( Beers et
al.2000, their Table 2). Apparent V magnitude and B-V color are provided as input together with
the galactic extinction, then the distance is derived by adopting the distance modulus equation,
m - M = 5log(d) -5, where m is the apparent magnitude, M is the absolute magnitude and d is
the heliocentric distance of the star. The resulting distances should be accurate to on the order
of 10%−20%, based on previous tests.
Most of the B and V magnitudes were obtained from the APASS catalog. In case of the missing
stars, their B and V magnitudes were derived by transformations from near infrared magnitudes
(JHK) available in the 2MASS catalog. In order to avoid the inclusion of stellar members of the
Galactic disk system which have peaks of metallicity of ∼ −0.3, ∼ −0.6 and ∼ −1.2 for the thin
disk, thick disk and metal weak thick disk, respectively, we selected stars with [Fe/H]<-1.4. This
assures to include most of the inner- and outer halo stars in the sample, which possess metallicity
peaks of ∼ −1.6 and ∼ −2.2 ( Carollo et al.2007, Carollo et al.2010). After this selection we got
stars.
All the stars in the sample have carbon and barium abundances avaliable ([C/Fe], [Ba/Fe]), as
well as the absolute carbon abundance, A(C). Stars with [C/F e] ≥ 0.7 and 0.5 ≤ [C/F e] <
0.7 were selected for the kinematic and dynamic analyses. The stars with only upper or lower
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limits of [C/Fe] or with different classifications (CEMP-r and CEMP-r/s) were excluded. We
employed also the A(C) criterion to select CEMP-s and CEMP-no stars by following the specifications of Yoon et al.2016: stars with A(C)>7.1 were classified as CEMP-s stars, and those with
A(C) ≤ 7.1 were classified as CEMP-no stars.
Note that the stars with acceptable kinematic parameters (655 stars) are only a fraction of the
initial sample. Figure 1 shows the proper motions distribution in right ascension and declination
directions of such sub-sample, while Figure 2 represents the radial velocity distribution. Figure 3
and figure 4 show the metallicity distribution function for the whole sub-sample and for the stars
classified as CEMP, CEMP-s, and CEMP-no, respectively.

Figure 2: Distribution of radial velocities.

Figure 1: pmRA vs pmDE.

Figure 4: Metallicity distribution function
of CEMP, CEMP-s and CEMP-no stars.

Figure 3: Metallicity distribution function.
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4

4.1

Kinematic Analysis

Derivation of kinematic and dynamic parameters

The full space motion was derived by combining radial velocities, distances, and proper motions
for our sample stars . The velocity components (U,V,W) are relative to the local standard of
rest (LSR), where U is taken to be positive in the direction toward the Galactic anticenter, V
is positive in the direction of Galactic rotation, and W is positive toward the North Galactic
Pole. The velocities are corrected for the motion of the Sun with respect the LSR by adopting
the values (U,V,W) = (-9, 12, 7) km/s ( Mihalas & Binney 1981). We have also evaluated the
rotational velocity in the cylindrical Galactocentric reference frame, with its origin at the center
of the Galaxy. This velocity is denoted as Vφ), and is calculated assuming that the LSR is on a
circular orbit with a value of 220 km s−1. In our calculations, we assume a value for the
location of the Sun at R = 8.5 kpc. The orbital parameters of the stars are derived by adopting
an analytic Stackel-type gravitational potential, which consists of a flattened, oblate disk, and
a nearly spherical massive dark matter halo ( Carollo et al.2010 and reference therein). The
peri-Galactic distance, rperi, is defined as the closest approach of an orbit to the Galactic center,
while the apo-Galactic distance, rapo, is the farthest extent of an orbit from the Galactic center.
The orbital eccentricity, e, is defined as e = (rapo − rperi)/(rapo + rperi), while Zmax is the
maximum distance of a stellar orbit above or below the Galactic plane. In addition, we evaluate
the integrals of motion for any given orbit, deriving the energy, E, and the angular momentum in
the vertical direction, LZ = R × Vφ . Note that R represents the distance from the Galactic center
projected onto the disk plane. Some of the stars have values of total velocity that exceed the
escape velocity for a star in the Galaxy, corresponding to V = 550 km/s, and they are removed
from the sample. The number of stars with acceptable kinematic parameters are 655 of which
201 are CEMP. These divide further in 88 CEMP-no and 72 CEMP-s.
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4.2

Classification of Inner- and Outer- Halo Components

According to Carollo et al.2014, apo-Galactic distances combined with total energy can be used
to assign the inner- and outer- halo membership to each star. In this paper a sample of the
SDSS/SEGUE DR7 calibration stars was employed to investigate the dynamical properties of
stars in the halo system. Most of the inner halo stars exhibit apo-Galactic distances no larger
than 15kpc and they are highly bound to the Galaxy (lower total energy). On the contrary, the
majority of outer halo stars have apo-galactic distances larger than 15kpc. By analyzing the E-LZ
diagram of the SDSS calibration stars Carollo et al.2014 found that between E ∼ −1.05 km2 s−2
and −0.9km2 s−2 (in units of 105 ), there is a clear abrupt change of the mean angular momentum
toward retrograde values, going from LZ ∼ 0 kpc km5 to LZ ∼ − 600 kpc km −1 (corresponding to
Vφ ∼ 0 km s−1 and Vφ ∼ −70 km s−1 , respectively). The abrupt change in the LZ − E diagram
shown in Figure 3 of Carollo et al.2014 can be considered the transition zone between the innerand outer-halo populations, defined as the area between −1.1 < E < −0.82 km2 s−2 . Based on
these properties, we consider all the stars with Rapo < 15 kpc as pure inner halo. Among the stars
with apo-Galactic distance Rapo > 15 kpc and [Fe/H]<-1.4, those with binding energy E < -1.1
km2 s−2 are likely pure inner-halo stars, while those with binding energy above E ∼ −0.8 km2
s−2 are likely pure outer-halo members. The stars with energy and angular momentum falling in
the transition zone have similar probability of being either inner- or outer-halo stars.
After applying these criteria to the sample of bound stars with [Fe/H] < −1.4, we identify 404
stars as inner halo members, and 138 stars are classified as outer-halo stars. The stars in the
transition zone are 113.
In the inner halo we found 126 CEMP stars, while in the outer halo the CEMP stars are 48.
Figure 5 shows the energy-angular momentum diagram for the stars employed for this analysis
(655) while Figure 6 represents energy-angular momentum diagram for the CEMP stars only,
classified in CEMP-s and CEMP-no. The two dashed horizonal line denote the boundaries of the
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transition zone where no membership can be assigned. The dashed curve shows the locus of the
orbits with constant apo-Galactic distance Rapo = 15 kpc.

Figure 5: E −LZ diagram of the whole sample Figure 6: E − LZ diagram of all the CEMP stars
The inner- and outer halo membership assignment provided the following CEMP-s and CEMPno distributions: in the inner halo, there are 45 CEMP-s stars and 52 CEMP-no stars, corresponding to 46% and 54%, respectively. In the outer halo, there are 17 CEMP-s stars and 21 CEMP-no
stars, which corresponds to 45% and 55% (see table 2).
Table 2: CEMP Stars in the Halos
Inner Halo
Outter Halo

5
5.1

CEMP-s
45(46%)
17(45%)

CEMP-no
52(54%)
21(55%)

CEMP-others CEMP
27
124
9
47

Summary and Future Work
Summary

In this report, we calculated the kinematical and dynamical properties of 655 metal-poor stars by
combining positions, proper motions, radial velocities and distances. The total energy, the vertical
angular momentum and the apo-Galactic distance were employed to assign the membership to
the inner and outer halo stellar populations. [C/Fe], [Ba/Fe] and A(C) are available to derive the
carbon and barium abundances and to classify the CEMP stars in the CEMP-s and CEMP-no
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classes. In the inner halo the fractions of CEMP-s and CEMP-no stars are similar, while in the
outer halo the fraction of CEMP-no stars is slightly higher than the fraction of CEMP-s stars.
This trend may reflect some underlying differences in the chemical-enrichment histories of the
halo components, because CEMP-s and CEMP-no have different progenitors.

5.2

Future Work

The analysis carried out in this report is only preliminary, indeed a more accurate determination
of proper motions and distances may change the kinematical and dynamical properties of the
stellar sample, which would affect the relative numbers of CEMP-s and CEMP-no stars in the
inner- and outer-halo. Moreover, some stars with clear CEMP-s and CEMP-no classification
were missing from the sample because the radial velocity was not available. We will add this
information in future investigations.
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Abstract
The Institute for Structure and Nuclear Astrophysics depends on helium-3 for the study
of Nuclear reactions. A helium-3 recovery system is necessary for the Helium Ion Source at the
FN tandem accelerator, due to the prohibitive price of helium-3. An offline helium-3 recovery
and purification system was built based on the previous online recovery system. The previous
online system purified helium gas at a very slow rate and required the Helium Ion Source to
operate. The new offline system is operated separate of the Helium Ion Source allowing for fast
purification cycles. A recirculation system was added to the offline system to improve the final
purity of helium-3. Different He gas flow rates were used in the offline purification system. The
effects of flow rates were evaluated on their performance in the Helium Ion Source. The
efficiency of the recirculation system was evaluated on its contaminant removal. Preliminary
results and further improvements will be discussed.
Introduction
Helium-3 is a vital resource for the study of nuclear reactions. Helium-3 isotope is
composed of two protons and one neutron. This makes helium-3 ideal for use in radiation
control, MRI’s, cryogenics and nuclear fusion. Helium-3 works very well as a neutron detector.
Helium-3 absorbs a neutron and emits a proton allowing for easy detection.[1] The helium-3
nucleus can by hyperpolarized and utilized in MRI’s to create a real-time vision of a patient’s
body.[2] Helium-3 can be used to achieve extremely cold environments. Below 2.5 millikelvins
helium-3 becomes a superfluid. [3] Helium-3 is important to the study of nuclear reactions
because it is proton rich and can efficiently add protons to desired nuclei.
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The natural abundance of helium-3 is 1.37 parts per million of regular helium-4. The only
practical way to collect helium-3 is using tritium decay, which is a byproduct of nuclear weapons
development. [3] This means helium-3 is not sold on the open market and can only be obtained
through the U.S. or Russian governments. This causes the costs of helium-3 to change vastly. In
some cases the cost has changed from 100 to 2,000 dollars per half liter. This has prompted a
need for an offline helium-3 recovery system.
1 Design
1.1 Helium Ion Source
The Helium Ion Source’s douplasmatron creates plasma using helium-3 or helium-4. [4]
The plasma is then extracted through heated lithium gas turning the plasma into the desired
negative beam to be steered to the FN accelerator. The douplasmatron turns a very small amount
of the helium gas into plasma. The leftover gas becomes contaminated and needs to be purified
in order to be used again.
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Figure 1: Is a Flow chart of
helium gas from the
douplasmatron through the
offline system.

Figure 1: (a)Red objects were the original elements
of the previous online purification system (b)Blue
objects are the added parts creating the offline
system (c) Black is a simplified Helium Ion Source.

1.2 Previous online purification system
The previous online system started with a liquid nitrogen cold trap to slow and condense
the contaminated helium gas, allowing for oil from the diffusion pump to settle in the trap. Gas
from the cold trap would then be pumped through the moisture trap filled with zeolites. The
moisture trap removes water, nitrogen and oxygen. The gas then ethers the tube filled with
titanium powder, heated to 550o Fahrenheit. 550o Fahrenheit is in the activation energy range for
the titanium absorption of hydrogen. [5] After the heated titanium, the gas is pumped into the main
reservoir for later use. This online process must be connected to the running Helium Ion Source.
The online system takes too long to purify the helium gas.
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1.3 Offline purification system
The offline purification system operates independently of the Helium Ion Source and
incorporates all of the online system. The offline system starts with an adapted input for half liter
pressure cylinders. A valued flow meter is after the input, allowing for flow regulation. The gas
is then pumped through the moisture trap and heated titanium tube until scroll pump #2. Instead
of the helium gas directly being pumped into the main reservoir the gas can be pumped into a
new half liter pressure cylinder or in to the recirculation reservoir. When gas from the
compressor is pumped directly in to the half cylinder it has gotten one round purification. When
the gas is pumped into the recirculation reservoir, the gas can be re-circulated for a required
amount of purification rounds before being pumped into a new half liter pressure cylinder.
2 Testing
2.1 Flow rate and Helium Ion source examination
Contaminated helium-4 was used for all evaluations of the offline system due to the high
cost of helium-3. Each test was conducted with the same batch of contaminated helium-4
collected from the Helium Ion Source. This examination method’s goal was to observe the effect
that gas flow rate through the system had on the final purity of the gas. In this test the
contaminated helium-4 gas had one round of purification. The flow rate was too inconsistent to
measure so the total flow time for one purification round was measured. Three different total
flow times were tested; 22, 43 and 132 minute flow times. After the gas was purified for one
round at the specified flow times it was tested in the Helium Ion Source.
A working beam was created with the Helium Ion Source using pure helium-4 gas. The
gas input was then switched from pure helium-4 to the helium-4 gas being tested. It was then
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assessed on its ability to maintain the previous pure helium-4’s working beam. There is a faraday
cup at the end of the Helium Ion Source that was used to measure the beam current. The higher
the current the better the beam is.
2.2 Efficiency of the re-circulation system
Helium-4 was used for all evaluations of the offline system due to the high cost of
helium-3. This test’s goal was to measure the efficiency of the re-circulation system. The
pressure of pure helium-4 gas in a half liter pressure cylinder was measured before insertion into
the system and was re-circulated for one hour. The gas was then pumped into the same cylinder
and the pressure was measured and compared. This process was repeated for pure helium-4 and
air mixes with one hour and two hour re-circulation periods. The pressure differences were
measured and compared.
3 Results
3.1 Flow rate test
The goal of the flow rate test was to measure the effect that flow time had on helium
purity. Three different flow times were tested, Flow time one was 22 minutes, Flow time two
was 43 minutes and Flow time three was 132 minutes. Flow time one’s gas was not able to
maintain a significant enough cup current to hold the beam, refer to Figure 2. The cup current
needs to reach the micro Amp range to have a useable beam.
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Time
11:17
11:20
11:22
11:26
11:30
11:31

Flow Time 1
Gas Pressure (microns)
Lithium temperature (Celsius)
1441
441
1441
441
1441
441
1441
441
1441
444
1406
446
Figure 2: Flow Time 1’s Helium Ion Source test.

Cup current (nA)
0.198
0.219
0.25
0.273
0.3
0.286

Flow times two and three were able to maintain beam, with cup currents in the micro amp
region. Flow time two’s gas was inserted in the Helium Ion Source when the initial beam was
1.289μA. Flow time three’s gas was inserted when the initial beam was 0.582 μA. Both Flow
times did eventually fail to maintain a usable beam.

Figure 3: A plot of the cup current versus time in the Helium Ion Source, for Flow Times two and three.

The ability to maintain a consistent cup current means the gas purity is high. Based on the
trends seen in Figure 3, Flow time three was able to maintain a more consistent cup current.
Flow time three’s gas is more pure than Flow time two’s gas. This indicates that a longer flow
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time allows for more contaminates to be removed by the offline system, resulting in a purer
helium gas.
3.2 Efficiency of the recirculation system
The pure helium-4’s initial pressure was 18.1 psi. After one hour of recirculation the
pressure was measured to be 12.5 psi. The pure helium-4 loss rate was calculated to be 17.07%.
The helium-4 and air mixtures were then run for one and two hour recirculation time periods.
One hour mixed gas recirculation
Two hour mixed gas recirculation
Pressure (psi)
Pressure (psi)
18
19.5
Initial Helium
Initial Helium
14.6959
14.6959
Initial Air
Initial Air
18
19.5
Initial total
Initial total
8.2
9
End total
End total
Figure 4: Helium-4 and air mix recirculation pressures. Loss rate for Helium was 17.07%
Based on data collected in Figure 4, the difference between one hour and two hours of
recirculation was very little in terms of the amount of air contaminants removed. If all of the air
contaminants were filtered out during the recirculation, leaving just pure helium, the end total
pressure for one hour should be 0.23(psi) and 1.475(psi) two hours. This includes the helium loss
rate. Instead the end total pressure for one hour recirculation is 8.2(psi) and 9(psi) for two hour
recirculation. The disagreement in pressure is 7.97(psi) and 7.52(psi) of unknown contaminant
leftover, for one and two hour recirculation periods respectively. The two hour recirculation
period only removed 0.45 (psi) more unknown contaminant than the one hour recirculation
period. This means re-circulating for more than an hour made no effective difference. Indicating
the offline system reached its effective max purification ability within one hour of recirculation.
4 Conclusion and further studies
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The offline system’s tests revealed that a longer flow time results in higher purity helium.
In the future, one round purification runs will have increased flow time to increase final helium
purity. Different recirculation times have been shown to filter out effectively the same amount of
contaminates. The left over unknown contaminant gas from the recirculation trials will need to
be analyzed. An RGA has been proposed for the analysis. Once the unknown contaminant is
known, then modifications can be made to the system. A higher titanium powder temperature has
been proposed to prevent hydrogen desorption. Once all of the proper modifications are made,
new purification runs will be done and tested in the Helium Ion Source.
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Figure 4: Front view of the Offline recovery system

Figure 5: right side view of the Offline recovery system

1. Start of the recovery system
2. Cold Trap
3. Pressure cylinder input
4. Flow meter
5. Scroll pump #1
6. Moisture Trap
7. Ti Tube
8. Scroll pump #2
9. Main reservoir
10. Compressor
11. Pressure cylinder output
12. Recirculation reservoir
This legend applies to Figure 4, Figure 5 and
Figure 6.
Figure 6: Left side view of the Offline recovery system
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Abstract
A high density supersonic gas jet target is located between the 5U accelerator and the St. George
Recoil Mass Separator at the Nuclear Science Laboratory, University of Notre Dame. This system is
designed to recreate nuclear reactions of interest for nucleosynthesis in stellar environments.
However, a new type of nozzle and catcher construction needs to be designed and constructed to
meet the precise demands of the various experimental programs, such as being able to measure
and adjust the exact position and orientation of the nozzle and catcher, and being convenient to
reconstruct this system inside the target chamber in future experiments. Considering the limited
space in the chamber and the silicon detector configuration for target density monitoring, two
moving platforms which hang from the top lid is desired. The platforms have sliding rails which
allow the nozzle and the catcher to be precisely placed, with a high degree of reproducibility, thus
making it possible to move the system perpendicular to the beam axis and vertically around the
target location. The design has been completed as a part of this work. Therefore, time is needed
for the construction and testing, as well as future corrections.

Background
The nuclear reactions we have interest in are alpha capture reactions (α,γ), where an incoming
nucleus interacts with a target helium nucleus, and both of them combine to form a new element.
These reactions are of great importance for helium burning stages in stellar environments. It is
important for us to understand these stellar helium burning process by performing these reactions
at a low energy scale in the lab [1].
Devices used to study these reaction are: the 5U accelerator, the gas target, several kinds of
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gamma-ray and particle detectors, and the St. George Recoil Mass Separator. The projectile
particles, which are usually heavier particles, come from the accelerator, where they have been
accelerated to a given energy, and form a beam of particles shooting into the gas target chamber.
Meanwhile, the helium atom, coming from an external gas supply, flows continuously into the
nozzle and is instantly pumped away through the catcher below it, this forms a high density jet
area in the center of the chamber. The size of the nozzle and catcher, combined with the distance
and relative position of the two will define the density of the target. The beam interacts with the
jet at the center of the chamber, where the reactions takes place. To ensure good vacuum,
apertures are attached on the walls between the central chamber and the outer ones. And a silicon
detector is placed on the side wall intending to measure scattered particles, providing information
on target density and thickness, see figure 1.

Figure 1: Gas target central chamber as seen from above. Show are the central chamber and two
adjoining pumping chambers. The incoming ion beam can be seen entering the chamber from
the right of the page.
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Figure 2: The gas central chamber as seen schematically from the side. Reference dimensions can
be seen for catcher and nozzle sizes and displacements [2].

Target System Design
As mentioned before, the nozzle catcher construction needs to be redesigned to meet various
conditions. Those demands are listed below.
1. The system has size constraints as to fit inside the chamber. However, the system cannot block
the beam or touch either apertures. Space is quite limited in the central chamber. However,
any scattered beam from unwanted interactions can create backgrounds in the detection
systems.
2. Convenient for us to measure the exact position of the nozzle and the catcher for future
reconstruction. It will be much easier for separating recoiling particles to have all reactions
happen at one location, thus the jet area is relatively small, which means the exact position of
the jet is a big issue.
3. The ability to move left and right of the beam axis, and up, down. (And able to adjust one
coordinate without affecting the other one). Moving left or right allows corrections incase
beam doesn’t hit the center of the jet. And Moving up and down makes it possible to change
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the radius of the jet. Since these two coordinate controls to totally different issue, we don’t
want to affect the other one while adjusting a coordinate.
4. Detector placement. The silicon detector set up on the side wall detects scattered particles. It
shouldn’t be blocked by other material.
5. Stability. Shock is generated the moment gas flows into the nozzle. Although it is not as
powerful, any possible oscillation is not welcomed.
6. Sealing. Since we want the reaction area to be restricted in a small point, other space in the
chamber need to be kept vacuum. The new designed system shouldn’t cause too much trouble
in sealing.

Figure 3: 3D conceptual design of both catcher (bottom) and nozzle (top) systems, combined with
structural supports.

The structure of the system is shown in Figure 3. Four metal alignment rods are used as slides to
support the two moving platforms, which have slides on the inner surface, and opening on the side.
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The nozzle and catcher can be easily plugged in from the opening.
This design has been optimized due to the following reasons.
1. All the slides are either exactly horizontal or vertical, to meet demand No. 3.
2. The platforms hold the nozzle and the catcher from the side, so that they won’t block the
beam or touch the aperture. The position of the vertical slides are designed to avoid
blocking the detector, see figure 4. This meets demand No. 1and4.
3. For demand No. 2, the opening on the side allows the nozzle and the catcher to be plugged
in, and saves the space for caliper to be put in.
4. This whole thing is attached to the wall between central chamber and outer chambers.
Which will barely cause any sealing problem, see figure 5.
5. The slides and platforms are all designed to be as strong as possible. However, since the
lack of engineering knowledge of the designer, stability issue requires much further test
and optimization.

Figure 4: The central chamber looking from the top.

136

In figure 4, the silicon detector is attached to the bottom side. The horizontal line in the middle is
the beam line. For the two points in the middle, A is where the reaction should happen, while B is
the farthest point the jet can possibly go according to the design. Apparently even in situation B
the detector is not blocked by the vertical slides.

Figure 5: Support structure located inside the confines of the central chamber of the gas target.

As shown in the figure5, all the system is attached to the wall between chambers, avoiding making
holes on the very outside wall of the chamber. See more details in Figure 6 and 7.
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Figure 6: The system from the side. There are threads on the alignment rods. Nuts will be used to
clamp the platform in the middle.

Figure 7: Alignment rods and components to hold them.

Figure 8 (left) and 9 (right): The nozzle and its holding component. Bolts that screw in from the side
hold the nozzle, while those bolts at the bottom provide friction against the slides on the platform.

Conclusions
The final designs of the central components of the NSL gas target have been carried out hoping to
meet the demands of the wide range of experimental demands. Both the nozzle and the catcher
are now able to move, and the exact position of the jet is also controllable. Since the whole system
is able to be removed, the intention is to build several copies for each experimental requirement.
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By doing this we can clean the used one and make adjustments while the others can be used as
backup. However, since we are at the final design stage, many issues may arise during
commissioning and thus further tests and corrections are needed. The first thing may be the
stability issue. The whole system is set to the wall between inner and outer chambers, which, in
the future, will become removable, thus stability can be an issue. The wall may be oscillating and
it can also be slightly displaced every time it is put back in the chamber. If that happens, we may
have to attach the alignment rods to the back wall, which won’t move at all.
The nozzle and catcher moves separately now. However, it is required that the catcher remains
exactly below the nozzle. Adopting the current design, it may be inconvenient to deal with this
problem. Maybe additional alignment rods are needed on the nozzle and catcher for calibration.
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Abstract
This project aims to model stochastic bacterial mutation and replication to investigate the
impact of period and duration of antibiotic application on population extinction time. The
first model is based on the Wright-Fisher process, where bacterial generations are assumed to
be concurrent and individuals are selected to replicate based on their fitness, a quantity that
represents offspring produced per time step. The increased rate of mutation in an antibiotic
environment, known as the SOS response, maintains a smaller population of lower fitness
individuals, save for a few antibiotic resistant ones. This allows for genetic drift to occur
which may stochastically lead the resistant individuals to extinction when there is a sudden
change in the environment. The second model of this behavior is based off of the Gillespie
algorithm, where time is treated continuously and replication, death, and diffusion occur for
one bacterium at a time.
Bacterial replication and genetics in these models are akin to a random walk of a set of particles in a space that is biased in one direction, yet prefers replication in the opposite direction.
The behavior of the probability density of the particles is the same as the convection-diffusion
equation with a logistic source term. This source term accounts for the carrying capacity of the
population and can be solved numerically for changing environments with different diffusion,
bias, and carrying capacity coefficients.

1

Introduction

The question of bacterial evolution to antibiotic resistance has been well studied biologically.
Prokaryotes such as E. Coli will evolve to become resistant to antibiotics due to the increased
production of integral efflux pumps in the bacterial membrane. These pumps actively remove antibiotic molecules that diffuse into the cytoplasm via the use of a hydrogen ion gradient. Efflux
pumps are a highly conserved part of the bacterial chromosome, but their production is suppressed
under normal conditions since the cost of their production and use is unnecessary without the
presence of a toxin to remove from the cytoplasm.[1]
One method by which an increase of bacterial efflux pump production occurs in bacteria is
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known as the SOS response. The SOS response occurs when mutations to bacterial DNA cause
the RecA filament to denature a LexA inhibitor that normally binds to the SOS box of SOS genes.
With the LexA inhibitor removed, the SOS genes are now transcribed, allowing for the production
of DNA polymerase Pol V, which repairs the bacterial genome, but with less accuracy than DNA
polymerase III, allowing for base pair mutations. The LexA inhibitor is another SOS gene, so
a prolonged SOS response will curtail itself through negative feedback. The SOS response will
ultimately stop when the organism has developed enough resistance to the antibiotic that DNA
damage is not significant enough to activate it. The SOS response will allow for increased antibiotic
resistance if it creates mutations that curtail the suppression of efflux pump genes and mutate the
efflux pump genes such that the antibiotic causing the genetic damage binds more effectively to
the pump and is therefore removed from the cell more efficiently.[2] With this knowledge of the
biological system, one can design a simulation that models this process for a system of bacteria
with a finite carrying capacity.
A statistical model that provides a useful reference to this system is that of the Wright-Fisher
process. Individuals from the population are chosen at random to repopulate a new population
and generations overlap. The number of organisms with a certain allele changes randomly until
the absorbing boundary of every organism having one allele or another is reached. The adapted
model specified below also assumes non-overlapping generations, though carrying capacity may
change and the genetic material, fitness, that is selected offers both an advantage to the individual
in reproduction and is assumed to be continuous, as it is related to the reproduction rate of the
organism and involves many genes and environmental conditions. Even with these differences, the
Wright-Fisher model is a useful tool for understanding how genetic drift is occurring on a statistical
level.[3]
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2

Methods

Adjusted Wright-Fischer Model
Each bacterium receives a pair of fitness values, indicating number of offspring produced in each
time step, referred to as ω1 in the non-antibiotic environment and ω2 in the antibiotic environment.
A positive fitness value means that an individual survives into the next generation and has a certain
probability of reproducing. A negative fitness value indicates that there is a certain probability of
death occurring for the parent individual. A higher fitness values indicates more offspring produced
within a certain time period. Fitness values are in the range of ω ∈ [−1, ∞). A fitness value greater
than 1 indicates that an individual can reproduce many times during a single time step, or that its
generation time is shorter than a time step. A fitness value of ω ≤ −1 indicates that the individual
dies with certainty in the next time step.
Fitness values evolve with time but an offspring receives its parent’s fitness value if no mutation
occurs. Mutant offspring receive a fitness value from a two dimensional Gaussian distribution with
a mean shifted down in both environments, indicating the propensity for deleterious mutations. If
an organism is in an antibiotic environment, then the probability of it receiving a mutation is several
times higher than in a regular environment. E. Coli has an average rate of mutation per genome
per generation of 0.001[4]. The use of the unreliable DNA polymerase V over DNA polymerase
III in the SOS response suggests that the rate of mutation in the antibiotic environment is roughly
ten times greater than the rate with no antibiotic [7].
The antibiotic environment duration and period is determined by a step function which selects
which fitness value each individual will use for replication in that time step. There is a correlation
enforced between the fitness values in the two environments, since a genetic change in one environment is more likely to be beneficial in the other than not. This is represented by µib = ωib +ρ(∆ωia )
where environment a is active and environment b is dormant. µ is the mean of the Gaussian from
which the offspring are chosen and ρ ∈ [0, 1] is the correlation coefficent between the two sets of
fitness values.
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The carrying capacity of the population is accounted for by adjusting the population in each
generation according to the logistic equation. For an individual particle, the logistic equation reads:

N
dni
= ωi ni 1 −
dt
K

(1)

where ni is the number of individuals assigned to an ω value, 1 in the case of continuous fitness
values, ωi is the number of offspring produced, and the (1 − N/K) term adjusts the population by
taking N = ∑i ni and K to be the carrying capacity. Summing both sides over i, we get


N
N
ωi ni
dN
= ∑(ωi ni ) 1 −
= hωiN 1 −
, hωi = ∑
dt
K
K
i
i N

(2)

To convert this derivative to a discrete model, for a single time step we can take
dN
dt

= N(t + 1) − N(t). Replacing the derivative in equation (2) with this approximation yields

N(t + 1) = (hωi + 1)N(t) − hωi

N 2 (t)
K

(3)

The first term yields the size N1 of the population if the population in the previous time step is
allowed to freely expand based on individual fitness values. The second term indicates the number
of individuals to randomly select to kill as an effect of the carrying capacity.
The parameters that can be adjusted in the simulation are the initial (ω1 , ω2 ) for each individual,
the carrying capacity K, the correlation coefficient ρ, mutation rate in each environment, bias
in mutation δ , and antibiotic pulse period T and width pw . These parameters must allow the
population to survive for constant environments of pw = 0 and pw = T , indicating reproduction
without antibiotic and evolution toward antibiotic resistance, respectively.
The initialized population distribution was chosen to be a Gaussian in ω2 environment, centered around ω2 = −0.46 with standard deviation σ = 0.64. One study [5] showed that after 5
hours (roughly 15 generations) of constant ampicillin application on a culture of E. Coli bacteria,
the population drops by a factor of 10−4 . So by the exponential decay of N(t) = N0 e−λt , λ =
4ln(10)/15 ≈ 0.614 ⇒ N(t + 1)/N(t) = e−.614 ≈ 0.54. Centering the population at ω2 = −0.46
would give us this result. The standard deviation was chosen so that there are roughly 20% of
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individuals who are fit in the antibiotic environment.[6] In the ω1 environment, individuals are
initialized at ω1 = 1, which indicates one offspring per generation. The bias was chosen to balance
positive diffusion in the ω1 environment so δ = −σ12 /2 and was kept the same for both environments.

Figure 1. Pictorial representation of the Wright-Fisher Model algorithm. Free replication allows
for population to reproduce based on fitness value. The size of the population can be represented by
the number of circles in each bin or the width of the bin. Mutation occurs in the second step where
a few individuals may mutate, most likely to lower fitness values. Individuals are then randomly
chosen to populate a bin of the appropriate carrying capacity.

Gillespie Algorithm
The Gillespie algorithm builds on the individual particle interactions and is conducive to analytically describing the system using a master equation model. [8]
The species interactions involved in the Gillespie algorithm are death, birth, and a carrying
capacity effect, represented as the following:

ωi (Ntotal /Nk )

ω

i
Xi −−−−−−−→ ∅, Xi −→
2Xi

(4)

The Gillespie algorithm makes use of bins of finite fitness values and continuous time. First, a
two-dimensional array of a desired size is initialized. Each site is assigned a death rate proportional
to Ad = ni j ωk (Ntotal /Nk ), where ni j is the number of individuals at that location (i.e. specified set
of fitness values in ω1 = i and ω2 = j environments) and ωk is the fitness value in environment
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k ∈ {i, j}. Likewise, the birth rate is Ab = ni j ωk where Nk is the carrying capacity of the population,
Ntotal is the total population at that time, and (Ab − Ad )/ni j = ωk (1 − (Ntotal /Nk )) term yields the
carrying capacity effect. To reproduce the possibility of mutation and genetic drift, we introduce a
diffusion rate Adi f f = ni j Dk /(∆ω)2 where Dk is the diffusion coefficient in environment k ∈ {i, j}
and ∆ω is the spacing of the bins in the array of ω values. A larger spacing will produce less
diffusion because it indicates a more significant mutation that occurs. We also define a step function
that alternates between environments i and j with a chosen periodicity. In the simulations, we make
use of a 50 by 50 array with a carrying capacity of 50 at each node. Bias in mutation is indicated
by a quantity referred to as ε, which is the preference for diffusion toward negative fitness values
due to deleterious mutations.

Mean Field Theory
The behavior of the number of bacteria can be described by the following equation, a modified
convection-diffusion equation with a logistic source term:
nd 2 ω
∂ n(ω1 , ω2 ,t)
= Dk ∇2ω n − v∇ω n + ωk n 1 −
∂t
Kk
R

!
(5)

The index k indicates which environment is active and therefore which coefficient to choose
for the numerical simulation. This can be a sharp transition like a square wave or a time dependent
equation.
The number of bacteria is a probability distribution over ω-space and evolves with time. The
final term represents a logistic source term, where the integral represent the sum of individuals
and K represents the carrying capacity. The first term indicates the diffusion of individuals over
ω-space while the second indicates the bias of mutation resulting in a net ”flow” of the distribution
to lower ω values.
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Wright-Fisher Model Results

Figure 2. Survival probability is plotted against different pulse widths with a period of T=100.
The different values of the curves represent the ratio of the mutation strength in the antibiotic
environment to the non-antibiotic environment.Each point is an average of 70 simulations

Figure 3. Survival probability plotted against pulse width for a period of T=100. Different curves
represent different initial population sizes. Each point is an average of 70 simulations
The results of the Wright-Fisher Model shows that a larger population yields a larger survival
probability for a the same antibiotic pulse width. This is in agreement with the Wright-Fisher
model theory. A larger mutation strength in a given environment allows for greater selection, so we
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see the minimum survival probability move right as mutation strength in the antibiotic environment
decreases.

Gillespie Algorithm Results
Each experiment was initialized with 950 individuals, with more individuals for smaller values
of ω2 and all individuals concentrated around ω1 = 1, to mimic the boundary conditions of the
Wright-Fisher Model. The experiments were given reflecting boundary conditions and different
values for diffusion and bias were tested. Snapshots of the system represent the density of individuals in fitness space at certain points in time.
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Figure 4. A)The bias was turned off (ε = 0) and diffusion is equal in both environments. After 30
time steps, the fitness values of the individuals have spread symmetrically. Darker shades indicate
less individuals. B) The bias was set to a high value (ε = 0.2) which indicates strong drift to lower
fitnesses. The overall darker colors indicates less individuals survived. The clustering of points
just above ω2 = 0 indicates that these individuals are not fit in the antibiotic environment.
The Gillespie algorithm yields symmetric diffusion when bias is turned off (Figure A). This
is not quite correct since lower fitness values should be less favorable for birth. The mean of the
distribution should drift upward into the upper right corner after a long enough time. The Gillespie
model can be computationally expensive, so an improvement could be to use less individuals, less
lattice points, or otherwise streamline the algorithm to see this effect more quickly. In Figure
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B, the bias is strong so the individuals migrate to the lower left corner. However, some points
remain around the initialized distribution, since events such as death do not occur quickly when
the population density is low.
Movie Link Animated versions of the plots can be found at the following link:
https://www.dropbox.com/sh/4vzctsx68o9tffq/AABaqRY1F0lkpx532RrSuFvAa?dl=0
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Abstract
The TwinSol radioactive beam facility at the University of Notre Dame is
used to study reactions of nuclear astrophysics and structure interest using
in-flight produced radioactive beams. Such measurements are often limited
by the energy resolution, the beam purity, and event identification. Timeof-flight (ToF) measurements of both the produced beam and the reaction
products can facilitate experiments that are not currently possible. To carry
out these ToF measurements, a micro-channel plate detector (MCP) and
foil were set up along the beam line. Initial tests have been performed in
line with a silicon detector, where the MCP creates a start signal for the
particle which stops at the silicon detector. The MCP and electronic system
configuration were characterized and the timing resolution was determined.
Future work is underway to achieve improved timing resolution.
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1. Introduction
The TwinSol facility is a collaboration between University of Michigan
(UM) and University of Notre Dame (UND) located at the Nuclear Science
Laboratory (NSL). TwinSol, located along the beam line of the FN accelerator, consists of two in-line superconducting solenoid magnets. The objective
is to produce and refine radioactive nuclear beams (RNBs), which allows for
the study of nuclear properties.
The motion of beam particles are affected by the magnetic field generated
by the two magnets. Tuning the magnetic field alters the rigidity of the
beam, which determines the angular deflection of beam particles. Particles
of interest are focused; however, particles that have similar energy or charge
states are as well. In order to identify and remove contaminants from the
RNB data, time-of-flight (ToF) measurements can be used. A useful way
of performing ToF measurements is to utilize a micro-channel plate (MCP)
detector and foil. A MCP multiplies secondary electrons that enter one of
its channels causing a cascade of electrons; consequently, increasing the gain
of the original signal (∼ ×105 ).
Previous attempts to discriminate species involved a Si detector array
consisting of two Si detectors in series. Particles pass through the first detector where they lose energy ∆E before depositing the remaining energy E
in the final detector. The resulting ∆E/E ratio correlates to the mass and
atomic number of the species. The method, however, cannot be used under running conditions because it would stop the beam. To circumvent this
problem, the MCP-foil setup will be used to make real-time event-by-event
measurements, without compromising the beam energy.
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Figure 1: MCP and resistor chain assembly

2. α source experimental setup
To test the performance of the MCP, an experiment was arranged inside
the back chamber in TwinSol. The MCP was mounted to a holder, where it
was connected to resistor chain. The resistor chain, consisting of 12 MΩ and
18 MΩ resistors, creates the voltage difference needed to generate the electric
field that drifts secondary electrons from the foil to the MCP (Figure 1).
Inside the chamber, the foil is aligned with the Si detector and a mixed
α source (Am-241 and Gd-148) (Figure 2). When α particles hit the MCP
a delayed stop signal is produced and a start signal is produced with the Si
detector is hit. Secondary electrons are produced when the α particles hit
the Aluminum-Mylar foil.
Before operation, the chamber must be evacuated to a pressure of 10-6 torr.

153

Figure 2: MCP α setup

The pressure is achieved by the combination of a roughing pump and cryopump. After the chamber reaches the vacuum range, the MCP and foil are
biased to -2100 V and - 5000 V respectively, creating the electric field.
The flange was also drilled for SHV and BNC feedthroughs for the anode
signal outputs. The output cables were connected to the electronic system
for data acquisition (Figure 3). The output signals from the MCP anode
and Si detector are first sent to a pre-amplifier to amplify the signals for
further processing. Then, the MCP timing signal is delayed and sent to a
constant fractional discriminator, before being registered as the stop pulse by
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the time-amplitude-converter (TAC). The output from the TAC is a voltage
signal proportional to the time difference between the start and stop, which is
then recorded by the analog-to-digital converter (ADC). Likewise, the timing
signal from the Si detector is sent to another CFD and then to the TAC as
the start pulse. The Si detector energy signal is amplified and sent to the
ADC. Once the electronics system is assembled, the system is calibrated with
a pulsar to determine the timing resolution.

Figure 3: Data acquisition system (DAQ) configuration

3. α source experimental results
Each test runs for long time periods until a broad peak is generated.
Only after can other parameters be changed to improve the resolution, such
as the TAC timing range. Initially, the TAC timing range is wide; each bin
is approximately 1 nanosecond in width. Once the channel count increases,
the TAC range is decreased to achieve better resolution of the two α peaks.
The output signals from the pre-amplifiers were adjusted initially to produce distinct peaks and reduce noise, this resulted in poor timing resolution
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(a) Maximal pre-amplifier signal shaping

(b) Minimal shaping with long CFD delay

(c) Two α energies (Am-241, Gd-148)

(d) Optimal TFA spectrum

(e) Optimal spectrum with Mesytec pre-amplifiers
Figure 4: Counts vs. Channel histograms from MCP test runs.
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and long shaping times before the signals were sent to the CFD (Figure 4a
& 4b). When the time-filter-amplifier (TFA) was added to the electronics
system, shorter shaping times were achieved (Figure 4d). Afterwards, several pre-amplifiers were tested to improve the resolution. For each set of
pre-amplifiers and TFA shaping times,the CFD delays were optimized.
After varying parameters on the electronic system, the best timing result
was achieved with the Mesytec pre-amplifer and their onboard TFAs. In
Figure 4e, the overlay of the red and green spectra corresponds to the two α
energies, which were resolved to have a 4.5 nanosecond timing resolution.
4. Conclusion and Future Work
The MCP+foil setup allows for time-of-flight measurements that improve
the identification of beam species. During the experiment, parameters were
modified to produce the best arrangement for measurements. Further work
can be done to improve measurements, such replacing the current MCP with
a positive sensitive MCP and upgrading the silicon detector to a YY1-type.
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Abstract

Neutrinos have shown to exhibit many interesting properties such as the ability to
travel very close to the speed of light through matter and having an extremely small
mass which causes the neutrinos to oscillate over long distances. Due to the neutrino
oscillation and the small amount of information known about neutrinos, the Dune far
detector experiment at Fermilab looks to precisely measure the kinematics in order to
determine the characteristics that govern the oscillation, such as flavor mixing angles,
charge-parity, and mass hierarchy. To do this DUNE will send a neutrino beam formed
from beta decay to collide with an argon detector. To obtain plausible data results for
this experiment Dune is moving to use a different simulation software, GENIE, to
generate data. This summer I explored the process the simulation uses and generated
neutrino event kinematics for each neutrino flavor at energies of 0.8 GeV and a range
of 0.4 to 4 GeV. Specifically, I compared the resulting final state lepton energies and
4-momentum transfer.

I.

Introduction: DUNE

Since the discovery of neutrino oscillation by the Super-Kamiokande Collaboration
in 1998, it is known that the neutrino must have mass due to the relativistic equations
and other quantum mechanical concepts. These oscillations refer to the changing of the
neutrino flavor as it moves through matter and space. In light of quantum mechanics,
the model showed that the flavor eigenstates of the oscillations are related to the mass
eigenstates. Hence, if the flavor of the neutrino is known then the neutrino does not have
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a distinct mass. The flavor and mass eigenstates are related by a unitary mixing matrix
which can be parametrized by four values, three flavor mixing angles and a CP phase.
However, in experimentation six parameters can be determined. The four parameters of
the unitary matrix and two mass squared differences can be obtained. These parameters
are important in solving the "mass hierarchy problem", which is the investigation to
determine the order of the masses, and determining whether charge-parity is violated.
DUNE, or Deep Underground experiment, seeks to determine the six parameters
that govern the neutrino oscillations with a focus on retrieving data on charge-parity
and charge-parity violations in the leptonic sector. To accomplish this goal, DUNE will
accelerate protons at Fermilab which interact with graphite. From this interaction pions
and kaons are produced which beta decay into neutrinos.

Figure 1: The figure shows the proposed DUNE far detector which is composed of 4 modules each with
10,000 metric tons of liquid argon. The far detector is to be built so that each node is about 14 m
across 14m high and about 25.3 m long [2].

Two detectors, the near and far detectors will be set up to detect the neutrinos. The
near detector detects the initial composition of the neutrino beam. The far detector, which
is a liquid Argon Time-Projection Chamber, detects the rare neutrino events when they

161

interact with the argon.
The neutrinos are sent over a distance of 1,300km in order to more precisely detect
the neutrino oscillation since the distance will be one quarter of an oscillation length.
Furthermore, neutrinos are capable of traveling through matter and rarely interact with
it, but when they do interact, they only interact with the weak force. Thus, the detector
contains a large amount of matter, around 40,000 metric tons of argon, and the beam is
underground to obtain a straight path sense the earth is curved and the experiment is
underground to eliminate background noise.

Figure 2: The figure is the overall design of the DUNE experiment. It shows the neutrino beam with the
labeled distance the neutrinos travel as will as the locations of the detectors and accelerator [3].

II.

Background: GENIE

GENIE, or Generates Events for Neutrino Interaction Experiments, is an object-oriented
neutrino event Monte Carlo Generator. GENIE is based on C++ and Root. To generate
the kinematic data for neutrino events GENIE incorporates a wide range of parameters
include flux geometries, detector geometries, cross-sectional information, neutrino flavor
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and energy ranges.

Figure 3: The graph compares the different types of scattering models for the cross-sections splines including
both the charge current and neutral current weak interactions for each. The color coded lines
correspond to the following: quasi-elastic cc (neon greanblack), qel nc (light red), dis cc (blue),
dis nc (red), res cc (yellow and light grey), res nc (light purple), total cross-section (light green
and light brown), total cross-section for tau neutrino (brown) [1].

The total cross-section from the total and differential cross-section data is used in
determining the type of neutrino event to occur. The cross sections are computed based
on all neutrino flavors off free argon nucleons. For the various types of scatterings
GENIE uses different models. Some of those scatterings are quasi-elastic scattering
(qel), deep inelastic scattering (dis), and resonance scattering (res). It also identifies
whether the event classifies as a weak charged current (cc) or neutral current (nc). Fig.
3 is an comparison of cross-sectional splines for the different scattering types for tau,
electron, and muon neutrinos on argon targets. When generating data for events in this
experimental simulation an argon target is always used since the detector is constructed
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of liquid argon. For GENIE these files have to be in an xml file to compile the data.
The root flux vector files which describe the flux in terms of cylindrical data with
beam direction and radius value, for a 1,300km beam including all neutrino flavors was
used. These flux files along with the cross-sectional spline information was kept constant
in the simulation.
Once the neutrino events have been generated the event kinematics are described by
the following variables.
Q2 = 2Eν ( Eµ − pµL ) − m2

(1)

ν = Eν − Eµ

(2)

W 2 = M2 + 2Mν − Q2

(3)

x = Q2 /2Mν

(4)

y =ν/Eν

(5)

In the above equations Q2 is the 4-momentum transfer squared, W 2 is the invariant
hadron mass, M is the nucleon mass, m is the muon mass, y is the relative energy transfer,
x is a scaling variable Bjorken scaling variable, pµL energy and longitudinal momentum
of the muon [4]. Once the kinematics are found, they can then be used to calculate the
change in masses squared of the oscillation.

III.

Experimental Setup

In order to compare the kinematic event distributions of final state lepton from each of the
three neutrinos and anti-neutrinos against an argon target at various energies, I ran the
genie program in the Fermilab grid and used root to analyze the data kinematics. Root
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was used to visualize the event distributions and cut the data to show final state lepton
energy occurrences for specific scattering types. Root was also used to view different
correlations between momentum transfer and lepton energy. The initial energy was varied
to observe and compare data.

IV.

Data and Results

In this experiment, I looked at an initial energy of 0.8 GeV and I also observed energy
ranges of 0.4 to 4 GeV. Lower energy ranges were chosen since information of neutrinos
around 0.8 GeV and 3.5 GeV is uncertain do to several factors such as resolution and
model limits as while as neutrino flavor threshold energy values. Data for final state
lepton energies for constant current quasi elastic scattering distributions, or for events
that are represented by the Llewellyn-Smith model and is characterized by the transfer
energy being small compared to the incident energy of the scattered neutrino, for each of
the neutrino types were extracted, since the majority of the events will be quasi-elastic
because of the small initial energy. Other scatterings such as deep-inelastic requires more
energy since it corresponds to large momentum transfers.

Figure 4

Figure 5
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Figure 6

Figure 7

Figure 8

Figure 9

Fig. 4-8 is the event distribution out of 100 neutrino events generated for each neutrino
type at an initial energy of 0.8 GeV. When observing the data it was found that for the
samples, the tau and anti-tau neutrinos did not produce any distributions with weak
constant current, but did have some quasi-elastic scatterings with neutral charge, due
to the energy threshold for tau quasi-elastic being around 3.5 GeV. While all the other
neutrino types contained samples of both quasi-elastic scattering with charged current
and neutral current events. The data also shows that all energies of the leptons are smaller
than the initial energy of 0.8 GeV.
The next set of data shows the lepton energies for a range of 0.4 GeV to 4 GeV energies
and is out of 500 events. In Fig. 10 and 13 and in Fig. 11 and 14 we can clearly see the
difference in the event distributions between the neutrinos and anti neutrinos. There is
a high amount of event activity in the 0.2 GeV to 0.3GeV energy ranges for neutrinos
compared to the same range for their anti neutrino counterparts. Furthermore, the error
in obtaining the event distributions is fairly large. This could be due to a number of
factors such as cross-section modeling uncertainties, sensitivity uncertainties, and other
systematic errors.
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Figure 10

Figure 11

Figure 12

Figure 13

Figure 14

Figure 15

V.

Conclusion

Overall, simulated event kinematics from 1300km beam line were obtained. The data
collected from running the Genie simulation can be used and further analyzed to extract
information about the charge partially and the masses of the neutrino. However, the
data can be improved and expanded in many ways such as using detector geometries,
computing the data with other flux vectors, and looking at a different energies or ranges
of energies.
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1

Abstract

Magnetic properties of Ga(1−x) Mn(x) As and Ga(1−x) Mn(x) As(1−y) P(y) were measured
by using the superconducting quantum interference device (SQUID). The easy axes
of magnetization for Ga(1−x) Mn(x) As was found to be in plane, and the results show
that the easy axes of magnetization is changed to be out of plane when the sample
is doped with phosphorus. Finally, it was found that the Curie temperature of
Ga(1−x) Mn(x) As(1−y) P(y) can increase almost 75 K after an annealing process.

2

2.1

Introduction

Motivations

Semiconductor and ferromagnetic compounds are the most important materials for
the information technology. Using semiconductors, information processing systems
can be integrated in very small chips and the manipulation of the information is
performed quickly and inexpensively, also using ferromagnetic materials we can store
very high density information. In spite of these important facts, random access
memories based on semiconductor devices must be refreshed every few ms and the
data is lost whenever the system is ed off. Also, large amount of energy is consumed
in the writing/erasing information process. Regarding the magnetic devices, the
access to stored information is very slow due to mechanical constraints [1].
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These and other interesting problems of semiconductor and ferromagnetic materials
can be solved by fusing both kinds of materials in one unified material. Although
several materials have been widely studied for this purpose, diluted magnetic semiconductors (DMS) have attracted special interest because the random distribution
of magnetic ions leads to important magnetic effects. Because of the tunability of
their lattice parameters and their energy gaps, these alloys are potential candidates
for the preparation of quantum wells, superlattices and some further applications
such as optical flat panel displays [2].

2.2

Example of a ferromagntic semiconductor: Ga(1−x) Mn(x) As

GaAs is a binary semiconductor which crystallizes in the zinc blende structure with
a band gap of 1.42 eV. In general, the solubility of magnetic ions in binary semiconductors is very low. As a consequence, the study of DMS was hard to explore during
a long time. Fortunately, molecular beam epitaxy (MBE) and other non-equilibrium
techniques has been carried out for preparing III-IV based DMS [3][4][5]. A very
important material is Ga(1−x) Mn(x) As, in which the magnetic element Mn has been
introduced into a nonmagnetic host-lattice of GaAs, occupying Ga sites and providing magnetic moments and holes. As a result the hole-mediated ferromagnetic interaction yields ferromagnetic behaviour, with a Curie temperature of almost 110K,
making it possible to bring ferromagnetic and semiconducting properties together
[6].
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(a) Zinc blende structure of GaAs.

(b) GaMnAs

Figure 1: The zinc blende structure of GaAs is retained by Ga(1−x) Mn(x) As for low
Mn concentrations.

3

Modification of Ga(1−x)Mn(x)As by the addition
of phosphorus: Ga(1−x)Mn(x)As(1−y)P(y)

To fully realize the potential applications of Ga(1−x) Mn(x) As, an interesting challenge concerning the magnetic anisotropy consist in modifying the direction of magnetization easy axis by applied fields or currents. Various techniques have been
proposed to perform this process without changing the Mn doping concentration.
However, all these approaches have not been successful for useful applications. Recent research has shown that layers with in plane or out of plane easy axes with
small coercivity can be obtained by changing the Phosphorus concentration in the
Ga(1−x) Mn(x) As(1−y) P(y) quaternary alloy [7]. This effect is due to the phosphorus
atoms being smaller than the arsenide atoms, which causes the lattice parameters
of GaMnAsP grown on a GaAs layer to be smaller than the GaMnAs, changing the
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(a) Compressive strain in GaMnAs.

(b) Tensile strain in GaMnAsP
due phosphorus addition.

Figure 2: Effect of phosphorus addition in the strain of Ga(1−x) Mn(x) As.
strain answer from compressive strain to tensile strain.

4

How Ga(1−x)Mn(x)As and Ga(1−x)Mn(x)As(1−y)P(y)
are prepared: molecular beam epitaxy

MBE is a non-equilibrium growth process that allows us to grow semiconductor
structures that could not be fabricated otherwise. Additionally, with MBE we are
able to prepare single crystal layers with atomic precision and control compositional
profiles, doping and crystallographic orientations. Figure 3 shows an schematic
diagram of the molecular beam epitaxy machine. The MBE machine has some
effusion cells, in which elements of group II,III,V and VI of the periodic table are
deposited in the most pure possible state. The molecule beams escape from the
effusion cells and are deposited on the surface of a substrate at a very slow rate
under ultra high vacuum conditions (about 10−6 Pa).
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Figure 3: Schematic diagram of the MBE machine used for growing II-VI or III-V
diluted magnetic semiconductors.

5

Experimental measurements of magnetic properties: the SQUID apparatus

The magnetic measurements were carried out using the SQUID machine (superconducting quantum interference device). The SQUID equipment is based on the
dc Josephson effect, which states that the tunneling of electron pairs across a
superconductor-nonsuperconductor-superconductor junction will flow across the junction in the absence of any applied electric field. When a dc magnetic field is applied
through a superconducting ring containing two Josephson Junctions, the wavelength
of the cooper pairs taking one path around the area is increased, while the wavelength of those taking the other path is decreased and so an interference phenomenon
takes place where constructive and destructive interference occurs in succession if
the intensity of the magnetic field is increased steadily. This effect can be used to
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measure very weak magnetic moments [8].

6

Results and discussion

Figure 4: Magnetization of GaMnAs grown on GaAs substrates before annealing.

Ga(1−x) Mn(x) As(1−y) P(y) samples were grown on GaAs substrates with different thickness by using the MBE technique. Two samples are of special interest in this report:
those with no phosphorus and the samples with around 10% of phosphorus concentration. Magnetization measurements were carried out by using SQUID. The
temperature was scanned from 5K up to 150K, in steps of 5K with an external
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magnetic field of 15Oe.

Figure 5: Effect of phosphorus content in the magnetization of the sample.

For samples with no phosphorus concentration we realized that the easy axis of
magnetization is in plane. As seen in figure 4, the magnetization is higher when the
magnetic field is parallel than when it is perpendicular to the surface.
After that, we examined the effect of phosphorus in the sample. As we notice in figure
5, when phosphorus atoms are added to the sample, the magnetic moments remain
ordered in such a way that the easy axis of magnetization is now perpendicular to
the surface. The effect of phosphorus doping is to change the direction of the easy
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axis of magnetization. This is a very recent discovery by experiments.

Figure 6: Effect of the annealing process in the magnetic order of GaMnAsP. Samples
were annealed to 523K for half an hour.

Finally, samples were annealed at 523K for half an hour and we found that the
Curie temperature of GaMnAsP is increased after the annealing process from 46K
to 120K, as seeing in figure 6, almost 75K enhancement.
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7

Conclusions

The easy axis of magnetization in Ga(1−x) Mn(x) As is in plane. The effect of phosphorus doping in Ga(1−x) Mn(x) As(1−y) P(y) is to change the direction of the easy axis
of magnetization. The effect of the annealing process in Ga(1−x) Mn(x) As(1−y) P(y) is
to increase the values of both magnetization and Curie temperature.
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Abstract
Nucleosynthesis reactions can be highly sensitive to cluster structure in nuclei. In order
to experimentally identify cluster structures in nuclei, we will use a combination of resonant
scattering and transfer reactions using an active-target detector called the ND Cube. This activetarget detector includes a field cage used to image charged-particle tracks from nuclear
reactions. Recording these track images will give us information about the structure of the
interacting nuclei through the measurement of reaction cross sections. Before any experiment
is performed, it is necessary to run a simulation of the electric field produced by the field cage
to ensure the field uniformity is sufficient for our needs. We make use of a finite element
analysis program to calculate the electric field for arbitrary shapes and the program Garfield to
simulate the electron drift and multiplication in the proportional counting region of the detector.
After the simulation is performed and we confirm the electric field uniformity, we can move
forward to assemble the field cage and prepare the ND Cube detector for commissioning and
future experiments that are aimed at searching for nuclear clusters.
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Ultimate goal
The Ultimate goal that my research is contributing to is to perform experiments of
active-target nuclear reactions. This experiments of active-target nuclear reactions are
performed in order to study and understand more about the structure of cluster in nuclei.
Studying and understanding the structure of cluster in the nuclei is very important in the field
of nuclear physics because it is a way to gather information about nuclear interaction, and at an
astronomical level, about the formation of elements in the universe. The pictures below, for
example, show how two clusters interact and form two different clustes. So we want to create an activetarget detector that will allow us to study this nuclear reactions here at the University of Notre Dame.

What is the ND Cube?
The active-target detector that we are working on is called the ND Cube. The ND Cube
is basically a cube that will be connected to a type of vacuum pump called scroll pump. The
scroll pump will turn the cube into a vacuum chamber. Ones the cube is turned into a vacuum
chamber, there are three main element that go into the cube. One element is the medium gas
that we will use for the active-target nuclear reaction. The second element is a micro-pattern
gas detector, which is basically a detector that records at what time and position electrons land
on it. And the third element that goes inside the cube is a field cage. This field cage is formed
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by a squared conducting plate, and twenty one squared conducting rings. The rings sit on top
of each other separated by four cylindrical insulating stand-offs, one in every corner, and the
plate sits on top of the rings, separated by four more stand-offs. The top plate, which is set at a
high voltage, and the twenty-one rings are then connected by a chain of resistors, which will
allow some of the voltage from the top plate to travel down to the rings. This will cause the top
plate to have the highest voltage, and the rings will have less and less voltage as you go down,
so the bottom ring will have the least voltage. This distribution of potentials will ideally produce
a uniform electric field going up. Bellow there is a picture of the cube on the left, and a picture
of the top plate and some of the rings on the right. The field cage is not complete because it has
not been assembled yet.

What is the ND Cube?
As shown in the picture bellow, a charged particle is shot into the ND Cube with
enough energy to ionize the atoms of the gas inside the cube. This charged particle will
ideally collide with the nucleus of one of the atoms of the gas. This collision of the charged
particle with a nucleus will produce a scatter, which will ionize more atoms in that are located
in different tracks. Thus more electrons will be released and will drift down to the micro-
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patter gas detector. The micro-patter gas detector records the positions and time at which the
electrons land on it.

The position of the electrons that land on the micro-pattern gas detector, provide a
two-dimensional representation of the scattering projected onto the plane of the micro-pattern
detector. Since the micro-patter gas detector also records the time at which the electrons land,
we apply this time component to the two-dimensional representation of the scattering to
recreate a three-dimensional representation. Ones we have the three-dimensional
representation, we can measure and study the cross sections of the scattering in order to gather
information about the structure of the cluster in the interacting nuclei.

Running the simulation
Before we perform any experiments of active-target nuclear reactions in the ND Cube,
it is absolutely necessary that we understand exactly how the electric field produced by the
field cage will behave. In order to make sure of its uniformity, we will run a simulation of the
electric field produced by the field cage.
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There are three main programs that we use in order to accomplish the most accurate
simulation of the electric field produce by the field cage. The first program that we use is
called GMSH. GMSH is “a three-dimensional finite element mesh generator” [4]. What this
means is that we can use GMSH to virtually build any geometric shape that we want, and then
we can mesh it. In GMSH every geometric element is built from starting from its most
foundational components. For example, the way that we create a point is by giving the
coordinates of that point, the way that create a line is by giving the two points that we want
the line to connect, the way that we create a surface, is by giving the lines that enclose the
surface that we want, the way that we create a volume, is by giving the surfaces that enclose
the volume that we want, and so on. To learn about GMSH syntax to code the geometry, visit
[4]. Once we have the geometry built, we mesh it. Meshing the geometry sets the boundary
conditions of the checking points where we want the electric field to be solved. We use
GMSH to build and mesh our field cage. The pictures bellow show the shape of the field cage
on the left, and the meshed version of the field cage on the right.
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Once we have the field cage built and meshed by GMSH, it is time to work with our
second program. Second program that we need to use is Elmer. Elmer is “an open source
multiphysical simulation software” [1]. Elmer is the program that we use to set the properties
of the boundary conditions of the shape. For the purpose of our simulation, we use Elmer to
set the values of the potentials that we want on the top plate and on each of the twenty one
rings. We also use Elmer to set the value of the dielectric constant of our medium, to set the
type of coordinate system that we want to use, and most importantly, to solve the electric field
through each of the meshed points. To learn about the different components of Elmer and bout
the syntax, visit the Elmer manuals at [1].Once we set all these requirements needed to run an
accurate simulation, we are ready to write the code that will actually run the simulation and
actually produce the field map. That is what we do we our third program.
The third program that we use to run the simulation is called Garfield++. Garfield++
is “a toolkit for the detailed simulation of particle detectors that use gas and semi-conductors
as sensitive medium” [3]. Garfield++ is basically a programming language created by people
at CERN based on the C++ programming language, but more specialized on running
simulations that use micro-pattern gas detector. Specifically, in the Garfield++ code we
specify what type of gas we want to use as a medium, and what temperature and pressure we
want the gas to have. We also enable drifting in the gas, and we set what specific projection of
the electric field we want to show in the field map. For details about Garfield++ syntax, visit
[3], and for details about installing ROOT-a requirement to run Garfield++, visit [2].
Using GMSH, Elmer, and Garfield++ is an efficient way to produce an accurate
simulation of our electric field. In order to understand how the three programs are connected
together, we have created the diagram shown below. When we code the shape in GMSH, we
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save the file with a .geo extension. Then, when we mesh the geometry, the meshed version is
saved into a .msh file. The ElmerGrid component of Elmer takes this .msh file as an input and
and crates four more files. Then we create the input file for the ElmerSolver component of
Elmer, and ElmerSolver produces two more files, one of which is irrelevant for our purposes.
We also need to create a dielectrics.dat file that contains the dielectric constants. Then the
program written in Garfield++ takes the four files from ElmerGrid, the .results from
ElmerSolver, and the dielectrics.dat file, and produces the electric field map.
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Field map
Given the learning curve that each of the programs has, ten weeks was not sufficient
time to produce the electric field of the field cage. We have created every file that we need to
run the simulation of the electric field, but there are some errors in the code that is not letting
the field map to show.
In order to visualize what a simulation of an electric field using GMSH, Elmer, and
Garfield++ would look like, we have used an example provided by the people at CERN. This
example consists of two parallel plate, one set at a 1000 Volts, and the other set to ground.
Below is a picture of the electric field produce by this parallel plate example.
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Conclusions and Future work
GMSH, Elmer, and Garfield++ combined allow us to run simulations of active-target
nuclear reactions, especially the ones that use gas as medium and that involve micro-pattern
gas detectors. My work this summer was focused on learning these three programs in order to
simulate a map of the electric field produced by the field cage inside the ND Cube. I have
learned a lot about the three programs, however, my time in the REU was not sufficient for
me to be able to produce a map of this electric field. I have gained significant knowledge
about these GMSH, Elmer, and Garfield++. Once I leave the REU, I will continue to study
these programs and keep working on producing the electric field. All the work accomplished
this summer will provide a base for future projects.
My project this summer did not fail, it is just not finish. All the work accomplished
this summer will provide a base for future projects. My work this summer will be passed
down to one of the graduate students in our research group who will continue to learn and
correct the code in order to produce a map of the electric field. And once this is accomplish, if
the uniformity of the field is sufficient for our need, the ND Cube will be assembled. When
the ND is assembled, we can start running experiments to learn more about cluster structure in
the nuclei.

Sources
[1] www.csc.fi/web/elmer/documentation
[2] root.cern.ch/
[3] garfieldpp.web.cern.ch/garfieldpp/
[4] gmsh.info/
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Abstract

The p-process is a nucleosynthesis process that occurs in explosive environments such as type II and Ia
supernovae and is responsible for production of heavy, proton rich nuclei. Gamma rays emitted during
these explosions induce several photo-disintegration reactions: (n), (p), and (). To study these
interactions, the inverse of these reactions are measured experimentally. The High Efficiency TOtal
absorption spectrometeR (HECTOR) at the University Of Notre Dame was built for measuring these
reactions. Standard gamma sources 60Co and 137Cs and known resonances in the 27Al(p)28Si reaction
were used to calibrate the detector. The experimental results were compared to Geant4 simulations.

1. Introduction
In the history of physics, few published papers can be said to be the origin of a field of study.
In their 1957 paper The Synthesis of the Elements in the Stars, known today as the B2FH paper
[1], authors Margaret and Geoff Burbridge, William Fowler, and Fred Hoyle proposed 8 stellar
nucleosynthetic mechanisms over two mass regimes which today, 60 years later, remain largely
unchanged. Of these 8 processes, nuclei of mass regime M ≥ 60u are produced by the s, r, and pprocesses (although recently a 9th “i” – process has recently been suggested) [3]. The s and r
processes describe the slow and rapid capture of neutrons, respectively. The p-process is
responsible for the existence of 35 heavy proton rich nuclei. Originally thought to occur in stellar
environments where proton captures by larger nuclei became energetically feasible (p,) [1], it is
now understood to be spurred on by photo-dissociation, (p), (n), (), of heavier nuclei
(often s-process seeds) [2,3]. In order to measure the cross-sections of these reactions in an
energy range relevant to the p-process, the time-inversed stellar reaction is recreated and
measured experimentally. This is justified by a reciprocity theorem [2]. The probability of a
proton capture is energy dependent, expressed mathematically by a Gamow distribution, and is
reflected experimentally in the energy of a proton beam impinging upon a target [2].
Here the calibration of the High Efficiency TOtal absorption spectrometeR (HECTOR) in
measuring these reactions will be discussed. The key to future analysis of HECTOR’s efficiency
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is Geant4 simulations that reproduce the experimental results. The simulation output will be
compared with measured data to assess its precision.

2. Experimental
2.1 The High Efficiency TOtal absorption spectrometeR (HECTOR)
HECTOR, a NaI(Tl) summing detector, integrates the total energy deposited in its detector
crystals [5]. Consisting of 16 components organized in 2 layers, each component connected to
two PMTs, HECTOR produces 32 signal outputs. Schematic designs of HECTOR are shown in
Fig. 1-3.

Figure 1

Figure 3

Figure 2

Figures from [6]

2.2 The Summing Procedure
Traditional detectors produce discrete peaks for each incident photon energy. An ideal
summing detector sums all incoming photons to a single energy peak.

This is due to its

comparatively large crystals which cover a 4π steradian solid angle. In practice, however, a mix
of both summed and discrete spectra is observed [2].
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Ni (gamma emitting daughter nuclide of
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Co) and schematic of a

traditional and sum spectrum of the emitted photons are shown in Figures 4-6. As stated above, a
mix of both spectra is often observed in practice, and a single segment spectrum and summed
spectrum obtained from HECTOR is shown in Figures 7-8.

Figure 7

Spectra of standard gamma sources

Figure 8

60

Co and

137

Cs and known resonances in the 27Al(p)28Si

(proton beam on target) were obtained and later analyzed in tandem with Geant4.

2.3 Geant4
Geant4 is a toolkit developed at CERN for the simulation of the passage of particles through
matter [7]. Its areas of application include high energy, nuclear, medical and space physics.
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Geant4 was used to produce simulated spectra from the finalized HECTOR model, shown in
Figures 9-10 with added beam pipe. In particular, Figure 10 shows gammas interacting with the
array.

Figure 9

Figure 10

To confirm the functionality of the HECTOR model within Geant4, simulated spectra for
arbitrarily small and arbitrarily large crystal sizes were produced. In addition, the thickness of
aluminum layers between the detector segments and bore hole as well as the number of gamma
events within the simulation were manipulated to confirm their predicted effects on the simulated
spectra, namely the degree of Compton scattering observed and the number of statistics,
respectively.
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3. Results and Discussion
3.1 Determination of HECTOR Calibration Curve
Since each PMT has a different voltage setting, their spectral outputs are slightly out of
phase. Therefore, each spectrum must be multiplied by some constant (referred to as a gain
matching parameter) so that the peaks in each spectrum are roughly associated with the same
respective channel. This process, called gain matching, is performed in ROOT by arbitrarily
setting one spectrum as a reference.

Figure 12

Figure 11

The gain matching is shown in Figures 11 – 12. By properly summing the energy signals
from the PMTs (32), a raw sum spectrum is obtained (Fig. 8). The same procedure is applied to a
room background spectrum which contains decaying

40

K,

232

Th and other radioactive isotopes.

This background is then subtracted from the experimental spectrum. The peaks of the resultant
raw background subtracted sum spectrum (Fig. 13) are then fit with Gaussian functions to
determine their centroids (Fig. 14). For 60Co, whose sum spectrum features 3 peaks, a three point
calibration curve was made by graphing the literature energy values for these peaks
(,in Fig. 4-6), against the channel number associated with their centroids. The
resultant line of best fit was a first order polynomial. By multiplying the background subtracted
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raw spectrum by the line of best fit, a calibrated sum spectrum for HECTOR within the energy
range of the decay of 60Co was obtained (Fig. 16).

Figure 14

Figure 13

Figure 16

Figure 15

3.2 Simulated and Experimental Spectra Comparison
Initial comparison between the experimental and simulated spectra showed considerable
disagreement (Fig. 17). First, in order to correct the difference in value between the centroids of
the peaks in experiment and simulation, HECTOR was recalibrated using a more robust C++
program. Following this, the Geant4 simulation of HECTOR was edited to include the beam pipe
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and detector platform used in experiment, as well as the thicknesses of the borehole’s aluminum
skin and external aluminum layer as specified by the manufacturer, St. Gobain Crystals. The
resulting simulated spectrum produced the higher Compton continuum observed experimentally

Figure 17

Figure 18

between 1.4 MeV and 2.4 MeV (Fig. 18).
Though the recalibration and the additions to the Geant4 simulation improved the
60

agreement between simulation and experiment, the experimental

Co spectrum suggested that

the summing capabilities of HECTOR were less efficient than the simulation. In order to
improve agreement between simulation and experiment, a resolution function was devised. In
short, a plot of the sigma values of the energy peaks detected by HECTOR against the energy
values of the centroids yielded what we refer to as a resolution function (Fig. 19). The
parameters of this resolution function can be put into the Geant4 program for a more precise
simulated spectrum (Fig. 20). The energy and sigma values for the resolution function were
obtained from multiple experiments, namely the well documented gamma peaks in the decay
27

28

spectra of 137Cs, 60Co, as well as well-known resonances in the Al(p,) Si reaction. Due to the
higher energies of the aluminum resonances (relative to

60

Co and

137

curve had to be produced for energies between ~3 MeV to 10 MeV.
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Cs), an alternate calibration

Figure 19

Figure 20

The difference spectrum between the simulated and background spectra is shown in figure
21. This result was obtained by subtracting the simulated histogram from the experimental
histogram and plotting the result. As evident by this spectrum, further improvement of the
Geant4 simulation is needed. In addition to slightly overestimating the summing abilities of
HECTOR as evident by the two residual gamma peaks between 1.0 MeV and 1.5 MeV, it also
appears to both overestimate and underestimate the energy of the sum peak for low energy and
high energy respectively. This is evident by the positive and negative peaks at about 2.5 MeV.

Figure 20

Figure 21

Continuing analysis will be carried out with the intention of tuning the Geant4 simulation of
HECTOR to experimental data vis-à-vis the resolution function.
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4. Conclusion
In summary, a calibration curve for all energy regions of interests for HECTOR was
performed. Comparison of detector response to Geant4 simulations informs of HECTOR’s
efficiency and possible uncertainties within the detector’s makeup. In fact, due to the summing
abilities of HECTOR as observed by the comparison between simulated and experimental
spectra, uncertainties and/or defects in the NaI(Tl) crystal segments and in the thicknesses of the
aluminum casings are likely present. In future, tuning the Geant4 using a resolution function
allows us to properly predict gamma spectra of other (p,) reactions.

5. References:
1. M. Burbridge, G. Burbridge, W. Fowler, F. Hoyle: Rev. Mod. Phys. 29, 547 – Published
1 October 1957
2. Harissoupolus, Cross Section Measurements of Proton Captures Relevant to the pProcess Nucleosynthesis, Nuclear Structure & Nuclear Astrophysics, (2003)
3. H. Schatz: J. Phys. G: Nucl. Part. Phys. 43 (2016) 064001
4. G. Knoll: “Radiation Detection & Measurement”, Wiley; (Hoboken, New Jersey, 2010)
4th Edition
5. A. Simon: Notre Dame Blogs, http://blogs.nd.edu/anna-simon/research/hector/ (2016)
6. Technical design of HECTOR by St. Gobain Crystals, (2015)
7. J. Allison et al. IEEE Transactions on Nuclear Science, 53, (2006), Issue:1
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Abstract
According to the theoretical description for the transport of ions in helium buffer gas with
a radio-frequency carpet, the maximal repelling force created by RF carpets can be determined.
The predicted changes in the repelling force were experimentally investigated for different RF
amplitude, and electric push field strength at a frequency of 7.8 MHz.
1. Introduction
The standard model of physics has been a very successful theory aiming at explaining the
observed matter in the universe. It however contains several features that cannot be explained [1].
Hence, there are currently lots of efforts in various branches of physics to test its limits. One
such effort requires the precise measurement of relevant β-decay quantities [1]. To contribute to
this effort, we are currently developing at the nuclear science laboratory (NSL) of Notre Dame
an ion trapping system that will aim at measuring the least known quantity, the so-called The
Fermi-to-Gamow-Teller mixing radio [2]. One critical component of this new facility [3] will be
a gas cell that will be used to stop the fast radioactive nuclei so that they can be later trapped.
Once stop in the gas cell, the thermal ions are typically transported using radio frequency (RF)
carpets [4]. RF carpets are formed of concentric ring electrodes on which opposite phase of a
radio frequency signal is applied on adjacent electrodes (see Figure 1). The application of this
radio frequency produces a repelling force.
There are two main methods to transport ions using RF carpet. The first one is the
traditional method [4], for which a static electric potential of decreasing strength is applied on
the individual electrodes. The second method uses instead a traveling wave to transport the ions
[5, 6]. In both ways, the application of a radio frequency will produce a force repelling the ions
from the carpet. The ion motion above the RF carpet and the stability conditions for that motion
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has been investigated leading to a theoretical description of the maximal force an RF carpet can
produce [7].
Such description was investigated experimentally for the first time last year [8] and the
expected behavior of the maximum electric field “pushing” the ion to the carpet (later refer to as
“push field”) as function of RF amplitude and pressure was confirmed [8]. This summer we
repeated the study for a higher radio frequency of 7.8 MHz (instead of 6.8MHz). These new
results will be presented in this report.

Figure 1. Schematic view of the RF carpet, its circuitry, the ion source and plate from which the
push field is produced. The red and the blue denote the alternating electrodes of opposite phases.
2. Experimental set-up
The experimental set up used for the following measurement contains the same an ion
source, stainless steel plate (to produce the push field), an RF carpet support frame, RF circuitry,
and thermocouple (Figure 2) as presented in [8]. The main difference resides in the RF carpet
itself. Multiple RF discharge has damaged the previous carpet beyond repair. Hence we ordered
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10 new RF carpets with the same design as the previous carpet (a=0.16mm, g=0.08mm) except
we did not apply a soldering mask above the kapton. This resulted in a smaller “stray” dielectric
layer and a smaller overall capacitance, which allowed to drives the carpet at a higher resonant
frequency.
Figure 2. Photograph showing the RF carpet, ion
source and the connections providing the RF to
the carpet, all mounted on a 8’’ flange. (1) Cover
encapsulating the ion source. (2) Stainless steel
plate providing the push field. (3) RF carpet. (4)
Copper stripe from the RF circuitry.
The other main change to the setup was the vacuum chamber and pumping system used.
Since most of the chamber from the previous system had to be repurposed for another project,
we made a more compact system to conduct our RF carpet systematic studies. The new chamber
comprise a 4-way cross and a 8’’ nipple in which the RF carpet system is inserted (see Figure 3).

Figure 3. Photo of the new RF carpet test
stand. (1) Location of the RF carpet support
frame once inserted in the vacuum chamber.
(2) Turbo molecular pump.
3. RF carpet tuning procedure
The proper tuning of the RF circuitry
is important for several reasons. Under normal operation, an efficient transport of ions requires
RF amplitudes just below the RF discharge limit, around 75 V. To achieve such amplitude we

202

amplify the RF signal from a function generator using a RF amplifier and a LC circuit operated
at the resonance frequency. While the impedance matching transformer has been previously
adjusted for an optimal power transfer through the circuit, each time the carpet is removed from
the chamber one should look at the RF amplitude for a given RF amplifier gain to make sure
nothing has drifted. For future reference, we outlined the RF carpet circuit tuning procedure:
[1]. Take the RF carpet out from the chamber, and put it on the holding frame table.
[2]. Ground the RF carpet and flange to the vacuum chamber.
[3]. Turn on the RF generator for at least 20 minutes to ensure the output is stable.
[4]. Connect 2 probes to opposite RF phase. Adjust the frequency until the resonant
frequency is found. That is when the RF amplitude is maximum.
[5]. Look at the RF amplitude using a thin wire connected to the oscilloscope probe.
Slide gently on the carpet and then record the maximum and minimum amplitude
on the oscilloscope under different RF amplitude.
[6]. Touch two opposite RF phases with a long copper wire which is connected to the
oscilloscope probe and then record the amplitude.
[7]. Put the nipple on the RF carpet and the process in (6) is repeated again. Adding
the nipple will change the capacitance of the system and the resonant frequency of
the circuit. Hence you would need to adjust the frequency until the RF amplitudes
recorded in (6) are recovered.
4. Measurement
Our measurements follow the same method as presented in [8]. The main experimental
quantity measured is the survival fraction ϵ = I ring /I source where I ring is the current of transported
ion and Isource is the ion current hitting the carpet when no RF is applied.
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The detailed measurement procedure goes as follow:
[1]. Before doing the measurement, the turbo molecular pump is turned off. In the
meanwhile, the valve leading to the backing line also need to be closed to prevent gas
from the scroll pump to back stream.
[2]. Once the turbo pump is stopped, we inject about 50 mbar into the chamber to flush
residual gas that collected in the gas line.
[3]. We then close the valve leading to the gas line and pump down the vacuum chamber
with the scroll pump down to <10-2 Torr.
[4]. We reopen the valve to inject pure helium to the desired pressure after which the
valve leading to the gas line is closed.
[5]. Start the RF generator. It should be turn ON for at least 20 minutes before doing any
measurement to ensure the output is stable.
[6]. Start the ion source power supply and heat up the ion source gradually. The
maximum current on the filament was about 3.25A with a potential difference of
7.6V when fully heat up. The gas will be heated by the ion source until a temperature
of 60º is reached.
[7]. Wait until the temperature and output current stabilize which will take ~45 minutes.
[8]. Start with V push at approximately 10V. Adjust V source until Isource ≈100pA. Then,
ground the RF carpet and turn ON the RF record I ring . Turn OFF the RF again, and
another measurement of I source is recorded to ensure that the ion source current did not
change.
[9]. V push is increased by 10V and the process in (8) is repeated. Repeat this process until
I ring is less than 5pA.
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[10].

Then repeat the measurement under different pressures or different RF amplitude.

The variation of the survival fraction as a function of the potential applied on the plate is
shown in Figure 4. When the amplitude of the RF carpet increases from 16V to 23.4V, there is a
rapid increase in ɛ. And then it becomes slower from 23.4V to 67V.

Figure 4 Survival
fraction as function of
the potential on the
plate. Each curve
represents different RF
amplitudes ranging
from 16V to 67V.
In order to
evaluate time-to-time
variations in ɛ, each measurement was repeated multiple times, on separate dates. Figure 4 shows
the behavior of the survival fractions a function of the push field voltage at 100mabr, with
V RF =67V.
Figure 5. Variation of the survival
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indicative that the data is reproducible with the new carpet.
5. Results
The main goal of our measurements was to investigate the maximum push field an RF
carpet can tolerate as function of RF amplitude and gas pressure at 7.8MHz. Since an
unambiguous measurement of E push (max) would be hard, we instead determine the E push value
when the survival fraction is half of the maximum recorded for a particular RF amplitude or gas
pressure E p,50% .
The measurements were performed at RF amplitudes ranging from 16V to 67V with push
field ranging from 9V/cm to 35V/cm. Figure 6 (left) shows that the survival fraction increases
rapidly with RF amplitude between ~10V and ~23V. Then the survival fraction remains constant
at ɛ= 0.92. Figure 6 (right) shows the E p,50% versus RF amplitude at p=100 mbar. The E p,50% also
increase rapidly with V RF before saturating. Figure 6(right) also shows the theoretical E p,max [7]
overlaid with E p,50% . We can see the excellent agreement in the general behavior of both curves.

Figure 6 (left) Behavior of the survival fractions when the push field voltage is 10V as a function
of the RF amplitude at 100 mbar. Figure 6 (right) Variation of E p,50% with the RF amplitude at a
pressure of 100mbar.
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Due to the continuous operation of the ion source at Iheat ≥3.25A, we rapidly burned
through the ion source (see Figure 7(left)) and had to replace it with a new ion source (see Figure
7(right)). Surprisingly, the new ion source lead to a different behavior of E p,50% vs. V RF (see
Figure 8). The cause of this discrepancy is under investigation.

Figure 7. (left) Picture of the burned ion source. (right) Picture of new ion source.

Figure 8. New ion source
behavior of E p,50% vs. V RF .
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6. Conclusion and outlook
This summer we investigated the performance of an RF carpet of pitch a = 0.160 mm,
and gap/pitch ratio = 0.5 at a frequency of 7.8 MHz. The measurements presented here indicate
an overall better performance than experienced last year using a different carpet (but with same
pitch and gap/pitch ratio) at a frequency of 6.8 MHz. Much high push fields can be sustained at
100 mbar for a given RF amplitude. However the ion source used for these measurements had to
be replaced since we ran it at heating current, greater than 3.25 A, for too long. The following
measurements using the replacement ion source were found to be significantly different. The
reason for this discrepancy is currently being investigated.
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1. Abstract:
The nuclear incompressibility is a key parameter governing the curvature of the equation
of state (EOS) for infinite nuclear matter. To determine this quantity, we study compressional
mode giant resonances, namely, the Isoscalar Giant Monopole Resonance (ISGMR). Analysis
of deep inelastic scattering angular distributions is completed using a Multipole
Decomposition Analysis within the Distorted Wave Born Approximation. These calculations
are done taking into account the energy weighted sum rule for the multipolarities and
excitation energies to compute the correct form factors for transition potentials. These
calculations, as well as their applications in our recently developed computational program
Giant Resonance Multipole Decomposition Analysis (GRMDA), will be discussed in this
report.

2. Introduction:
The nuclear matter equation of state (EOS) describes the binding energy per nucleon as
a function of nuclear density, and is of great importance in the study of many interesting
phenomena, such as the massive stellar collapse leading to a type-II supernova explosion and
the radii of neutron stars [2]. The EOS of nuclear matter is mainly characterized by three
quantities, of which the first two, the saturation density and the binding energy per nucleon at
the saturation density have been accurately determined, whereas nuclear incompressibility,
the key parameter measuring the curvature of the EOS at the saturation density, still demands
a more precise constraint.
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2.1 Compressional mode giant resonances and Nuclear Incompressibility
Essential for studying the incompressibility of infinite nuclear matter ( K ∞ ) , the nuclear
incompressibility of finite nuclei ( K A ) is directly related to the centroid energy of the
compressional mode Giant Resonances. One such compressional mode of oscillation is the
Isoscalar Giant Monopole Resonance (ISGMR) where protons and neutrons oscillate in phase
with each other around the equilibrium density. ISGMR is agreed upon as the optimal tool for
the study of nuclear incompressibility due its rather simple relation to K A . In the case where
resonance strength distribution is unfragmented in a single peak at energy E ISGMR , the
nuclear incompressibility, K A , is given by [3]:

EISGMR = 

KA
m < r2 >

(1.1)

where < r 2 > is the ground-state mean-square radius of the nucleus and m is the nucleon
mass (938.86 MeV/ c 2 ).
2.2 Distorted Wave Born Approximation and Multipole Decomposition Analysis:
Different from the discrete states at the lower-lying excitation regions, GRs occur in the
higher-lying excitation region and correspond to different multipolarities overlapping in
excitation energy. Since the inelastic scattering cross-section spectra obtained at higher
excitation energy consist of overlapping contributions from varied angular momentum
transfers [2], it thus becomes important to extract the contribution from each of these
multipolarities in the interest of studying the specific nuclear compressional modes. In order
to separate strengths corresponding to each multipolarity, we then perform the Multipole
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Decomposition Analysis (MDA) using Distorted Wave Born Approximation (DWBA).
DWBA cross-sections are calculated based on the optical model sets obtained from the
analysis of the elastic scattering cross-section data. DWBA calculations are carried out in the
giant resonance excitation energy region for various multipoles corresponding to different
angular momenta transferred during the reaction [3]. MDA fits were obtained at each
excitation energy within a 1 MeV grid in order to obtain the strength distributions for
different multipoles. Calculations were performed with the help of the GRMDA codes using
the optical model potentials as well as transition densities and potentials described in the
following sections.

3. Models Involved in Data Analysis:
3.1 Transition Densities:
Transition density is one important ingredient for describing the collective motion of
GRs. The basic idea to construct the transition density is to take a spherically symmetric
density distribution ρ (r ) and introduce certain multipole deformation parameters as the
dynamical variables.
Transition Densities for 112 Sn (E x = 5 MeV)

FIG.1. Transition density calculated by the GRMDA program
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3.1.1 Oscillations with multipolarities L≥ 2:
The prescription for the construction of transition densities in this paper is adopted from
the Tassie model and the Bohr-Mottelson (BM) collective model, of which the latter has been
frequently used for the low lying discrete states and the giant resonances with multipolarities
L ≥ 2. This prescription for deformation can be easily transferred to a nuclear density
distribution with the expression [3]:

ρ（λ）(r ) = −δ λ

d
ρ 0 (r )
dr

(1.1)

where ρ 0 is the ground state density, and δ λ is the deformation length given by:
2π 2 λ (2λ + 1) 2 < r 2 λ − 2 >
δλ =
mAE x (λ + 2) 2 < r λ −1 > 2
2

(1.2)

where, A is the mass of the nucleus, m is the nucleon mass (938.86 MeV/ c 2 ), and < r n >
are the radial moments of the ground state densities.
3.1.2 Monopole resonances:
Giant Monopole Resonance ( L = 0 ) is a mode of oscillation in which the central density
of the nuclear matter oscillates about its equilibrium value with high frequency [2]. This
mode may be generated by simple radial scaling of the equilibrium density ρ (r ) , and the
corresponding transition density can then be expressed as [3]:

ρ（0）(r ) = − β 0 [3 + r
where β 0 is the coupling parameter for the GMR：
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d
]ρ 0 ( r )
dr

(1.3)

β 02 =

2π 2
1
mAE x < r 2 >

(1.4)

3.1.3 Dipole resonances:
The effects of the spurious center of mass motion due to the first-order transition
operator of GDR ( L = 1 ) should be taken care of exactly by keeping the center of mass
unchanged. Using the prescription described in Ref.[4], the transition density for the GDR is
in the form：

ρ（1）(r ) = −

β1
R 3

[ 3r 2

5
d2
d
d
d
+ 10r − < r 2 >
+ ε (r 2 + 4 )]ρ 0 (r )
3
dr
dr
dr
dr

(1.5)

where β1 is the coupling for the isoscalar dipole excitation:

β12 =

6π 2
c2
mAE x 11 < r 4 > − 253 < r 2 > 2 −10ε < r 2 >

(1.6)

3.2 Transition potentials and the Hybrid Optical Model:
3.2.1 Deformed potential approach:
The phenomenological approach to obtain transition potential is via the Optical Model
Potential in a procedure that is called the deformed potential model (DPM). DPM is based on
the assumption that the shape of the optical potential follows the shape of the density
distribution of the target and is either statically deformed or undergoing shape oscillations in
the same way [1]. With this assumption, the transition potential can be obtained immediately
by analogy with the transition density introduced in the previous section as follows:[4]

For L ≥ 2 :

U λ (r ) = −δ λ

dU OM
dr
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(2.1)

For L = 0 :
For L = 1 :

U 0 (r ) = −α 0 [3 + r

U1 (r ) = −

β1
c

[ 3r 2

d
]U OM (r )
dr

5
d2
d
d
d
+ 10r − < r 2 >
+ ε (r 2 + 4 )]U OM (r )
3
dr
dr
dr
dr

(2.2)
(2.3)

where U OM is the complex optical model potential obtained phenomenologically by fitting to
the elastic scattering data.
3.2.2 The density dependent single folding approach:
By assuming that the nuclear density is deformed in the same way as the optical
potential and with the same deformation length, the Deformed Potential (DP) model poses
certain ambiguities on the construction of the transition potentials, given there is no
theoretical justification that the surfaces of the density and of the potential are displaced by
the same distance.
An alternative option for modeling the transition potential is the Density Dependent
Single Folding Model, which provides a more basic approach via a less phenomenological
link between the potentials and the underlying nuclear densities. In this approach, the
potentials (optical and transition) are generated through the folding of an effective
nucleon-nucleon interaction v over the density distributions of the target and projectile [5].
The effective nucleon-nucleon interaction is averaged over the density distribution of the
alpha particle and the result is represented by a simple functional form ν (s ) , which is in a
Gaussian form with a complex strength described by Satchler and Khoa [5]:

ν G ( s ) = −ν ⋅ exp(− s 2 / t 2 )

(3.1)

where s = r − r ' is the distance between the center of mass of the alpha particle and a target
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nucleon, and the t value is adopted to be 1.88 fm [6]. The strengths v and w are found where
the statistical errors are low and are adjusted to optimize the agreement with elastic
measurements at each energy.
3.2.3 The Hybrid Model:
The mere usage of the Single Folding for the construction of transition potentials is also
not promising enough, as simply assuming that the complex strength of the nucleon-nucleon
interaction is determined by the elastic scattering may result in the real and imaginary
transition potentials having the same radial shape.
Then an alternative solution frequently used is a Hybrid Optical Potential Model. In this
approach, a complex optical potential, usually having a Woods-Saxon shape, is found by
fitting the elastic scattering data. The optical potential is then deformed to provide parts
which model the transition potentials needed to describe the inelastic scattering [5].
The transition form factors described in section 3.2.1 and 3.2.2 are applied to this sum of
optical potentials to generate inelastic angular distributions. The form of the hybrid optical
potential is given by,
U = Vc + VDDG + iWVol

(3.2)

where,
VDDG ( s, ρ ) = −VG ( s ) f ( ρ ) = −VR [1 − αρ 0 (r ' ) β ] exp(− s 2 / t 2 )

(3.3)

Wi
1 + exp((r − Ri ) / Ai )

(3.4)

and,
WVol =
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VC is the coulomb potential in the form of “point and uniform sphere” as described in
Ref.[2]:

VC =

+ Z p Zt e2
r

(r ≥ RC ) (3.5) ;

+ Z p Z t e 2 [3 − ( Rr ) 2 ]
C
（r < RC）
VC =
2 RC

(3.6)

4. The GRMDA program:
The GRMDA program is designed for the ground works of giant resonance analysis.
Coordinating with computer codes SDOLF, DOLF and ECIS, GRMDA calculates the elastic
and transition potentials, the form factors for the real part of the potential, and perform
DWBA on the giant resonance excitation energy region for various multipoles.

FIG.3. MDA for E x =30 MeV via GRMDA

5. Future works:
Applying the analytical models and the GRMDA program, we will analyze the deep inelastic
region and perform multiple decomposition analysis to extract the centroid energy for
incompressibility of 40 Ca . Then, gaining a better constraint of the curvature of the EOS at the
saturation density, we can move towards a better understanding of the EOS.
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Abstract
We study galaxy halos found by Jared.W.Coughlin running the Amiga Halo Finder on the output
of a modified GADGET 2 large scale simulation (Snedden et al. 2016; Springel, Yoshida &
White 2001; Springel 2005). The neighborhood of the halos is defined at different redshifts by
using a structure finding algorithm developed by Dr. Phillips' group (Snedden et al. 2015). We
use python to examine how halos vary when in a cluster or a filament and to develop analytical
tools that allow us to determine whether specified halos are in falling into a major cosmic web
node. We find that at low redshift, the most massive halos formed shift to filamentary
neighborhoods from clusters at higher redshifts. This indicates continued heavy infall of
material in and from filaments as massive halos form near cosmic web nodes.
Introduction
We seek to study dark matter halo properties as a function of redshift in and out of in-fall
regions along filaments. We first look at halo properties at each redshift as a function
neighborhood (filament, cluster, or undetermined) defined by the structure of the surrounding
gas. We then identify in-fall regions around cosmic web nodes and study those regions and the
large halo that forms within it. Additionally, we look at the possibility of predicting what kinds
of halos end up in certain regions of space.
Data
The halos we studied were found by Jared Coughlin using AMIGA Halo Finder on data
generated by GADGETS 2 large-scale simulations, an N-body simulator that uses a hierarchical
tree algorithm to determine the gravitational forces (Snedden et al. 2016; Springel, Yoshida &
White 2001; Springel 2005). The halos neighborhood were defined as filament, cluster or

220

undefined at different redshifts by using a structure finding algorithm developed by Dr. Phillips'
group (Snedden et al. 2015).
Methods and Results
To analyze the halo data we used python to graph the different halo parameters. Our data
has 83 parameters for each halo so we plotted many of these parameters against each other.
1

−5

One of our early plots is of the classical spin parameter, 𝐽𝐽𝐸𝐸 �2 𝐺𝐺 −1 𝑀𝑀 �2 , (Bullock et al.
2001) versus Peebles’ spin parameter, 𝐽𝐽/[√2𝑀𝑀𝑣𝑣𝑣𝑣𝑣𝑣 𝑅𝑅𝑣𝑣𝑣𝑣𝑣𝑣 𝑉𝑉𝑣𝑣𝑣𝑣𝑣𝑣 ], (Peebles 1980), where J, E, G, M are
total angular momentum, energy, newton’s gravitational constant, and total mass of the system.
And 𝑀𝑀𝑣𝑣𝑣𝑣𝑣𝑣 , 𝑅𝑅𝑣𝑣𝑣𝑣𝑣𝑣 , 𝑉𝑉𝑣𝑣𝑣𝑣𝑣𝑣 are viral mas, viral radius, and circular velocity at the viral radius. Our plot
is shown below in Figure 1.

Figure 1: Halo’s Bullock’s spin vs. Classical spin with classification shown by color
We noticed that both our unclassified halos and our cluster halos tended to have a linear
relationship between the spin parameters. The filament halos generally have a linear
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relationship, with a few exceptions. These halos share values for their Bullocks spin, but differ in
classical spin. Because of time constraints we were unable to analyze this further and so we will
look more at this in the future.
Eventually we decided to plot halo classification, (cluster and filament), mass, position,
and velocity together at different redshifts to examine how the halos changed with different
surroundings. By plotting these together, we hoped to see how the halos moved and changed
mass and type so as to understand what halos tend to do in certain regions.
Figure 2 was from the data at the highest redshift 𝑧𝑧 = 10.

Figure 2: Halo positions with velocity direction denoted by arrows
The center left, center, and upper right of Figure 2 show signs of halos that are infalling into a
cluster. The most massive halo in this redshift has a mass of 6.57 ⋅ 1010

filament in the center left of Figure 2.
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𝑀𝑀⨀
� , and is in a
ℎ

As redshift decreases the mass of the halos increase. At redshift 𝑧𝑧 = 9.155 the most

massive halo remains the same with a mass of 1.16 ⋅ 1011

𝑀𝑀⨀
� . As the redshift continues to
ℎ

decrease the masses continue to increase and by redshift 𝑧𝑧 = 3.946 the most massive halo is

same halo as at the previous redshifts, but the halo has moved from a filament to a cluster and
has a mass of 6.01 ⋅ 1012

𝑀𝑀⨀
� . A graph of the halos at this redshift is shown below in Figure 3.
ℎ

Figure 3: Halo position with mass denoted by size of dot and classification by color
Figure 3 shows that the halos have increased dramatically both in mass and number.
Massive halos have formed in several regions in bunches. One other key feature of Figure 3 is
the largest halos are all in clusters, which is what we expected to find.
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To get a better understanding of what was occurring at and around this massive halo we
plotted the area around the halo. This can be seen in Figure 4 below.

Figure 4: Halo positions with velocity direction denoted by arrows
From Figure 4 we see that this massive halo is near the center of a cosmic web node, with
many filaments coming out of it. The halos from the filaments appear to be streaming into this
cluster halo and feeding its’ growth in mass. To check this we looked at the number of subhalos
found in this halo and found that this halo had grown from being a single halo to hosting 15
subhalos. Since the large scale picture was too messy with large numbers of halos we continued
to examine this subsection at lower redshifts.
At redshift 𝑧𝑧 = 1.409 the main halo’s mass has increased nearly tenfold and is now

5.61 ⋅ 1013

𝑀𝑀⨀
� . A number of smaller, yet still quite massive, halos have appeared in some of
ℎ
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the surrounding space. This can be seen in the Figure 5 below.

Figure 5: Halo positions with velocity direction denoted by arrows
These smaller halos are also in clusters and have masses of roughly 4 ⋅ 1012

𝑀𝑀⨀
� .
ℎ

While they are in clusters it they appear to be part of filaments that are headed to the cosmic web
node.
The main halo has continued to be fed by infalling halos with 80 subhalos at this redshift,
𝑧𝑧 = 1.409. We next looked at how the main halo changed throughout the rest of the redshifts in
mass, location, and classification. As we examined Figure 6 we were surprised to find that at
redshift 𝑧𝑧 = 0.083 the main halo is no longer classified as being in a cluster, but rather a
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filament, the same is true for the surrounding halos of note.

Figure 6: Halo positions with velocity direction denoted by arrows
This change in classification of the halos is probably due to a large influx of infalling gas
that make the space surrounding the halos appear as if they are in filaments because when we
look at present time the halos switchback to being classified as clusters. The main halo grows to
a mass of 1.59 ⋅ 1014

𝑀𝑀⨀
� and contains 95 subhalos.
ℎ

At this point we reexamined the large system as a whole over the entire redshift while

looking for changes in the massive halos. To allow us to look at the system through all redshifts
we graphed the system at 4 different redshifts in Figure 7 below.
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Figure 7: Halo position and mass at varying redshifts
As we look at Figure 7 we see that these massive halos can be seen forming at high
redshifts and continue growing as the space around them fills with other smaller halos.
Additionally we also see the filaments of halos forming around these massive halos. Closer
examination shows that these massive halos move towards each other and given enough time
they would likely merge together to form a super massive halo
Future work
Our future work will be in creating a halo infall criterion to help explore the differences
between halos that are infalling and those that are not. As of now we have only examined halos
by the surrounding material and not by what the halo is doing. We hope that by developing a
way to determine halos that are likely to infall into a node, we can examine the differences
between these halos and the rest of the halos. We also plan on examining the other parameters of
the halos more closely. The differences in spins as we mentioned earlier is one example of
parameters we will examine.

227

Bibliography
Bullock, J. S., et al., (2001). A Universal Angular Momentum Profile for Galactic Halos.
Retrieved from http://iopscience.iop.org/article/10.1086/321477/pdf
Peebles, P. J. E. 1980, Research supported by the National Science Foundation. Princeton, N.J.,
Princeton University Press, 1980. 435 p.,
Snedden, A., et al., (2015). A new Multi-Scale Structure Finding Algorithm to Identify
Cosmological Structure. Retrieved from http://arxiv.org/pdf/1409.7711v1.pdf
Snedden, A., et al., (2016). Star formation and gas phase history of the cosmic web. Monthly
Notices of the Royal Astronomical Society, Volume 455, Issue 3, p.2804-2825
Springel V., 2005, MNRAS, 364, 1105
Springel V., Yoshida N., White S. D. M., 2001, New Astronomy, 6, 79
Turk, M. J., et al., (2011). yt: A Multi-code Analysis Toolkit for Astrophysical Simulation Data
The Astrophysical Journal Supplement, Volume 192, Issue 1, article id. 9, p.16.

228

The Simulation of the Electronic
Behavior of the Fibonacci Quasicrystal

Charlie Zoller
2016 NSF/REU Program
Physics Department, University of Notre Dame
Advisor: Dr. Kenjiro Gomes

229

1. Abstract
In the field of crystallography, the quasicrystal was a groundbreaking discovery. Having a
classical crystal’s order but lack of translational symmetry makes the quasicrystal worthwhile to
analyze due to the departure of the predictability of the properties found in classical crystals.[1]
Using a Scanning Tunneling Microscope (STM), it is possible to build such quasicrystals. In this
study, we simulated the electronic properties of a 21 site Fibonacci quasicrystal. The Fibonacci
quasicrystal is a special kind of quasicrystal whose structure is determined by the Fibonacci
sequence (appendix A). Using MatLab, we simulated how energy and position on lattice affected
the Local Density of States (L.D.O.S). The simulations all indicated the presence of consistent
patterns with lack of perfect symmetry. While these simulations have yet to be verified though
the construction of the lattice via the STM, they offer the indications of what to expect upon
completion of the lattice.

2. Introduction and Background
With the development of atomic theory and group theory, a scientific definition of a crystal
emerged: A crystal is a lattice structure with long range order and translational symmetry. This
stipulated that the rotational symmetry, the amount of ways it may be rotated and produce the
original picture, were 2, 3, 4, and 6-fold.[1] This orthodoxy persisted until Roger Penrose
determined that you could make a 5-fold symmetry lattice using two different tilings. This was a
“forbidden symmetry” as postulated by classical crystallography. Then, in the 1981, a novel
discovery was made that showed a rapidly cooled alloy of manganese and aluminum produced a
lattice with 10-fold symmetry. This became known as the quasicrystal.
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Quasicrystals, in a mathematical sense, can be formed as a projection of a higher dimensional
polyhedral onto a lower dimensional plane. For example, 1-D quasicrystals are the result of a 2D projection onto a 1-D line. This method of projection is the mathematical basis of the
Fibonacci quasicrystal, the lattice structure discussed in this paper.[1,2] (Appendix A)
Another departure from classical crystallography with the quasicrystal is its electronic
scattering properties. The simulations we have run have been using the density of states as a
benchmark for how to measure the electronic properties. The density of states determines the
likelihood of finding an electron at a certain point. This changes when subject to different
energies since electrons change their behavior with added energies.

3. Creation of the Fibonacci Lattice
I wrote a code that would simulate the physical properties of the Fibonacci lattice in Matlab.
The simulated lattice was constructed with two horizontal ladder components made with carbon
monoxide molecules deposited on a copper surface. Their lengths were determined by the
desired number of crystal sites. The placement of sites were determined through a method of
iteration to produce the Fibonacci word (appendix A). The distance between these long and short
bonds were made to be the same, with each cell having a gap with two copper atoms from one
another. This uniformity of lengths would allow for us to fix variables except the hopping term,
the energy required for an electron to hop from one site to another.
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Figure 1: A representation of a 5th generation Fibonacci quasicrystal lattice. The aforementioned
equal spacing of long and short bonds are seen.
The placement of these lattice points required us to take note of the physical properties of
the copper surface and deposited carbon monoxide molecules we use to construct the lattice. The
horizontal pattern follows a spacing pattern of 2a angstroms, or twice the radius of a copper
atom, 2.55 angstroms. However due to the non-rectangular structure of the lattice, the distance
between strictly vertical copper atoms from their closest atoms on the y-axis, they has a spacing
of √3𝑎𝑎 angstroms, slightly under the horizontal spacing..

4. Measurements

Upon completion of the Matlab construction of the carbon monoxide lattice, a prior made density
of states function measured the probability of finding electrons at different energies.
Measurements of the center of every cell along the 21 site Fibonacci quasicrystal were taken, and
the peaks of each graph were recorded. Using the peak values for the density of states, their peak
energies were plotted using a simulation of the lattice structure as map, or image, of the
simulated lattice.
Noting the initial scattering measurements, we were able to determine from that how the
different energies behaved. Whether the molecules, when in the presence of one another lowered
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the overall energy, creating a more stable bond, or increased the overall energy making it more
unstable. Taking measurements at the center of each cell was important to the overall picture of
how the Fibonacci quasicrystal’s structure behaved.

5. Results
The initial results found from taking several measurements using different phase constants in the
center of the site in the middle of the cell to the left of the center yielded the three energies that
have peak wavelengths: -.148, -.052, .124 eV. When plotted using a local density of states
function to map out the density of states of the simulated crystal lattice. Each of these peak
energies revealed a different picture of what the density of states looked like. The lowest had a
great deal of sharing between the long bonds. The highest energy had a great deal of repulsion
between each cell. The middle was a compromise; there was a strong repulsion between short
bonds, but there was moderate sharing across the long bond.

Figure 2: A scattering image indicating the density of states with respect to the energy at a
specific point on the lattice. Each peak corresponds to the energy where finding an electron is
most likely.
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Figure 3: The three peak energies obtained earlier put to a visual map of the lattice.
By taking a measurement of the density of states across the center horizontal line of the
crystal lattice, we obtained the density of states with respect to location along the lattice. By
measuring this for the three energies obtained through the density of states with respect to the
distance along the lattice. The y-axis in this case corresponds to the probability of finding an
electron at any specific point along the lattice.

Figure 4: The local density of states with respect to the distance along the lattice. The lowest
energy is on the left, the middle peak energy in the middle, and the energy on the right.
Note that these density of states graphs are merely the density of states along the crystal
lattice map earlier. The lowest energy graph has the least amount of peaks; this is evident on the
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lattice map of the lowest energy, the high degree of sharing between the lattice cites would
produce broader and fewer peaks. The highest energy is nearly sinusoidal. This is also very
explanatory due to the electrons’ preferential isolation in each cell. This graph of density of
states versus the distance along the structure will be one of the main features which will be
analyzed with our STM. The electronic properties measured have stood up to the physics
previously known, as well as showing oddities consistent with quasicrystal behavior.

6. Conclusions:
The Fibonacci quasicrystal’s simulations provided us with the predictive tools for what to
expect when the Fibonacci lattice is completed with the STM. As a cursory glance, these results
seem consistent with the strange and patterned quasicrystal, however these predictions will truly
be put to the test when they are compared to data obtained from measuring the constructed
Fibonacci Quasicrystal.
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Appendix A:
The Fibonacci sequence has the pattern where each element in the sequence is the sum of the two
previous elements.
Nth element of the Fibonacci sequence: 𝐹𝐹𝑛𝑛 = 𝐹𝐹𝑛𝑛−2 + 𝐹𝐹𝑛𝑛−1
The Fibonacci constant, or 𝜙𝜙 = lim

𝐹𝐹𝑛𝑛

𝑛𝑛→∞ 𝐹𝐹𝑛𝑛−1

≅ 1.618033989

The Fibonacci Word is equal to the length of long bonds and short bonds found in the
aforementioned projection method mentioned previously. The Fibonacci word can also be
realized through a replacement method. One starts with an “s” and then, subsequently, ever “s” is
replaced with an “l”. Every “l” is replaced with an “l s”. The Fibonacci word’s length grows in
accordance to the Fibonacci sequence. The number of “l”s correspond to the previous length of
the Fibonacci word, and “s”s is the length of the length of the word before that.
The Fourier Transform of the Fibonacci word brings about a fractal image, where each the xaxis indicates the frequency of each string in the Fibonacci sequence repeats, and the height is
each string’s relative frequency.

237

